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ASPECTS OF NUMERICAL
ANALYSIS

INTERPOLATION AND APPROXIMATION

1.1 Interpolation

There are many situations in which one is given the value of a quantity at
certain times and would like to say something about the behaviour at
intermediate times. For instance, from readings of an electric meter taken at
noon every day one might wish to make deductions about the consumption of
electricity at 9 in the morning. This is a problem of interpolation in which one
attempts to estimate from data at isolated points the form of a function at
intervening points. The same problem arises in the use of mathematical tables
when the value of a function is required at some point not listed in the table.

When all that we know about a function are the isolated data we can expect
that there will be different opinions on its performance in between. Suppose we
are given the values of f;, f, and f; at x = x,, x,, and x; respectively (see Fig.
1.1). Then, a simple rule would be to join successive values by straight lines
and use these lines to tell us the value of f in between. This is an approximation
Jo in which

X, — X X — X,
So(x) = i+ fa (xy < x<x5)
X3 — Xy Xy — Xy
X3 — X X —x
=2 S+ 2 1y (x3 < x < x3)
X3 — X3 X3 — X3

and, in general, if f, is the value at x,,

fog =m0t X e XTI g (<X < Xnpy). (LD

Xn+1 — Xp Xn+1 ™ Xp

Of course, some people will say that they are not willing to accept this
approximation because the derivatives are not continuous across the data
points but, for the moment, let us note that by combining the formulae (1.1)
we can obtain the approximation

)= 3 B (1 <x< ) 12
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f,

Fig. 1.1. Linear interpolation.

where
Xy — X
By(x) = 22 (x; S x<x5)
2= X
= 0 (XZ < X < xn)’
X — X,-
Bn(x) = Sl (xn—l <x< X")
Xy — Xp—1
=0 (%) <X < X,p)
and, if m+# 1 or n,
B,(x)=0 (xy X< Xxp-y)
X — X
= Tm-1 (xm—l<x<xm)
Xm — Xm—1
Xpma1— X
=T D (X S XK Xpeyy)
Xme1 = Xm
=0 (xm+1<x<xn)-
Each of B,, ..., B, vanishes outside a finite interval and has the shape of either

a half triangle or full triangle (Fig. 1.2). For this reason the functions B,, ..., B,
are known as triangle or pyramid functions. So we could call (1.2) an
approximation to our function in terms of pyramid functions. It will be
necessary to consider more complicated expansions in order to meet some of
the conditions encountered.
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Xm-1 Xm Xma1 X

Fig. 1.2. Pyramid functions.

Suppose, now, that we are given the additional data of the values of the
derivative of f, say f1i, f5,...at x = xq, X5, .... It is immediately obvious that
the derivatives of f; will not agree with the derivatives of f except in rare
circumstances. If we are to remedy this we need an approximation between x;
and x,;,, which gives the correct derivatives and must therefore satisfy two
extra conditions. So our straight lines must be replaced by cubics, if we stick
with powers of x for our approximations. Let us try

y=a(x—x)*+b(x—x)*+c(x —x;) +d.
Then since y = f; and y' = f| when x = x; we see that d = f; and ¢ = f|. The
conditions y = f;,,, ¥’ = fi+; at x = x;,, then imply that
a(Xiey — %)+ b(xipy — X)) + Xiuy — X)f 1+ fi = fivrs
3a(xisy — %)+ 2b(xisy —x) + fi = fis1-
From these can be deduced
a(Xis1 — %) = (fior + FD&is1 — %) = 2(fisr — fi)s
b(Xie1 — %) = 3(fivr = J) — (Fieg + 2/ Dxis 1 — X))
Therefore our approximation between x; and x;,, can be expressed as

y = () fi + Bi(¥) i1 + 7 (X)S i + 64X)f 144

where

ai(x) = i(xx{A—‘ji {(xi+1 - x,) + 2(x - xi)}
i+1 Xi

Bi(x) = (—g*"——)‘g {(xi+1 X;) + 2(xi41 — x)},
Xi+1 Xi

_ (X¢41 — x)*(x — x;)
ne) = (xivr —x)*
8:(x) = (x = x;)*(x — X;44)

(Xi41 — xi)z
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2.
Xm-1 >, 7 Xm Xm+1

Fig. 1.3. Cubic basis functions: solid curve, B{!’; broken curve, B{'.

By means of these formulae we can construct our approximation over the
whole interval as

fox) = ¥ {BY@)fw+ BPXfn} (1 <x<x,) (1.3)

m=

where
B(x)=0 () <X < Xpoy)
= B, 1(x) (Xm-1 <X < Xp,)
= 0o, (x) Xy S X< Xppyy)
=0 (¥m+1 S X < X,)

and B{? is the same with y,, and §,, taking the place of «,, and f,, respectively.
These formulae do not hold for m = 1 and m = n; the necessary modifications
are easy to carry out and are left to the reader. The behaviour of B}’ and B
when m is neither 1 nor n is shown in Fig. 1.3.

In both (1.2) and (1.3) the interpolant f, consists of a series, each term of
which is the product of a given value such as f,, or f, and a function of x such
as B,, or B{?. The given values occur only in the coefficients, the functions of
x depending only on the points which are selected for observation and not on
the values found there. For this reason the functions B,, B!}, and B? are
known as basis functions. In the following whenever we have an expansion
which has the form of (1.2) or (1.3) we shall call the corresponding B, basis
functions whether or not they are polynomials.

So far we have discussed the two cases in which the B; are linear and cubic
polynomials respectively in the interval (x,,_, X,,+1) and zero outside. These
are obviously particular instances of the more general situation in which B is
a polynomial of degree 2q — 1 in the interval and zero outside. The general
case is known as piecewise Hermite interpolation, the adjective piecewise being
incorporated to indicate that once we have partitioned our interval at the points
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X, X5, ... the basis function is required to be zero on all of the sub-intervals
except one or two.

Suppose that we are given a function which, together with its first r
derivatives, is continuous for x; < x < x,,. Such a function will be signified by
writing f € C"[x,, x,]; sometimes C° will be denoted by C. Also the brackets
will be dropped if there is no ambiguity about which interval is being referred to.

Now, if we have a polynomial of degree 2q — 1 it will contain 2q coefficients
which we can adjust. Consequently we can make it satisfy g conditions at x = x;
and g conditions at x = x,,,. Thus, if f € C?™![x,, x;,,] we can ask that the
polynomials p,,_(x) satisfy

df _ dpsy-y(x)

dx* dxk

at both x =x; and x = x;,, for k=0,1,...,q — 1. In this way we construct
a piecewise Hermite interpolant which agrees with a function and its first g — 1
derivatives at the points of observation. The corresponding basis functions can
be deduced as in the cases ¢ = 1 and q = 2 which we have already discussed.

Of course, even if f or one of its derivatives is not continuous between the
points of observation we can use the same interpolant so long as there is
continuity near the points of observation. This is an example of approximating
a discontinuity by something continuous. Whether it is valuable or not will
depend upon the circumstances.

One plain disadvantage of this type of interpolation when g > 1 is its
involvement of the derivatives of f and the steadily increasing complexity of
the equations to be solved as g grows. One way of avoiding the derivatives of
f is to ask that the derivative of the interpolant be continuous at the points
Xy, X2, . . . » X, but not to impose the additional restriction that it has the same
value as the derivative of f. So we can reduce the order of the polynomial to
2 and try

y = a;(x — x;)* + bi(x — x;) + c;.
To satisfy y = f;at x = x; and y = f;,, at x = x;,, we need ¢; = f; and
ai(Xiv1 — %) + bi(Xiy — X)) = fior — fi
If we substitute for b; from this relation we obtain
y=a(x —x)(x — x;14) + fi + (fiv1r — )X = x)/(Xisy — %), (1.4)

The constant q; is at our disposal but must be such that the derivative of y is
the same as x approaches x; from above or below. Hence
Jirs — S Ji— fi-a

(X — Xipq) + ———— = (%; — X;_y) + —>. (L1.5)
Xir1 — X; i Xi-1
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If x;, 1 — x; = x; — x;—, = h this simplifies to

1
ai—1+ai='h_2(fi+1'—2];'+ﬁ—l)' (1.6)

These equations hold at the n — 2 points x,,..., x,.,. Since there are n — 1
coefficients ¢; it follows that one can be chosen arbitrarily and then the
remainder are known from (1.5) and (1.6) as appropriate. It will be noticed that
the second derivative of y is 2a; so that choosing one of the g, is equivalent to
specifying the second derivative of the interpolant in a sub-interval.
An approximation of the form (1.4) subject to (1.5) or (1.6) is known as a
quadratic spline and x,, ..., x, are known as its nodes or nodal points or knots.
The quadratic is the simplest of the splines. If we demand that the first and
second derivative be continuous at the internal nodal points we are led to a
cubic spline. It is easiest to work with the second derivative of the spline. Since
it will be a linear function we can ensure its continuity by adopting the form
(1. ie.
dz)’__b Xiyg — X X=X

T3 i i+ 1
dx Xi+1 — X Xi+1 — X

for each of the intervals (x;, x;. ;). The coefficients b; will then be values of the
second derivative of the spline at the nodal points. For simplicity, it will now
be assumed that the nodal points are equally spaced so that x;,, — x; = h for
i=1,...,n— 1. Then an integration gives

dy lb( 97 + b,+l
dx 2T

(x—x)*+¢
and

i 1b;
y=é%(xi+1—x)3+6 L (x — x)® + ¢i(x — x;) + d;.

To make dy/dx continuous at x = x; we must have
—3bh + ¢; =ibh + c;_,
while y = f, f;+, at x = x;, x;,, necessitate
fi= %bihz +d;,
Jivr = gbis B + cih + d;.
From the last two equations we deduce that the cubic spline can be written as

1 b, 1 b; hb,
y= 6h(xx+1—x)3+g ;1( x)? + <fi 6>( i+1— X)

Jiv1  hbiyy
+ (—’;— - T) (x — x;) (L.7)
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provided that
6
bl+l+4bi+bi~1=;l_z(ﬁ+1_2ﬁ+ﬁ—l) (1.8)

fori=2,...,n— 1. There are now n coeflicients available so that two can be
selected arbitrarily and the rest are then determined by (1.8). Often, the choice
b, = b, =0 is made.

These formulae can be combined so as to express the interpolant in terms of
basis functions. However, it is more convenient to proceed in a different way.
Let Si(x) denote the spline in (x;, x;, ;). Then S} and S;_, must agree at x = x;
so that

87 =811+ 6B(x — x;)/(x;+1 — x:)°. (1.9)

where f; has to be found. Define the function x, by
Xy =X (x>0)
=0 (x<0).

Thus [(3)+}® =27, {(—3),}® =0 whereas (t —5), =t—5if t > 5 but 0 if
t < 5. Then applying (1.9) fori = 2, ..., n and using an equally spaced partition
with x;,, = ih we see that

S” = 2Bo/h* + 6B,x/h* + Y. 6B {x — (i — 1)h} . /h® O<x<nh)
i=2
where the first two terms represent Si. After two integrations we obtain
S = ag + a;(x/h) + Bo(x/h)* + By(x/M)? + Y. B{x — (i — Hh}3/M?. (1.10)
i=2

By construction § and its first two derivatives are continuous: we make it take
the value f; at x = ih by requiring that
ao = fo»

ay + Bo + By = fi — fos
ao +oaym+ Pom* + Bm* + Y pm—i+ 1) =f  (n=2m=2). (111)
i=2
Let us use the central difference operator 9, defined so that
Of(x) = f(x + 3h) — f(x — 3h).

Then 6f(3h) = f(h) — f(0) or 6y, = f; — fo. Similarly
52fm = fm+1 - 2fm + fm-—l'
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Our equations can now be written as
ao = fo, Oy + PBo+Bi=0f12, 2B+ 6B+ Br= 3% fy

68y + 5By + B3 = 0S50 Buaz + Wmir + B =01y
m=2,...,n-2) (1.12)

which are (n + 1) equations governing the (n + 3) coefficients oy, &y, Bos . - - 5 By-
Two of these coefficients may be chosen arbitrarily and then the others found
from (1.11) or (1.12).

Once the eqns (1.11) or (1.12) have been solved the coefficients in (1.10) are
linear combinations of the values f; of f at x = ih. Accordingly, (1.10) can be
rewritten in the form

S= Y /G (L13)
i=0

where the polynomials C;(x) can be determined. Clearly C;(jh) =0 (j # i) and
C;(ih) =1 for i,j=0,1,...,n The functions C;(x) are known as cardinal
splines. They can be regarded as basic functions for (1.13) but they are not
satisfactory for many practical applications because they are non-zero over
most of the interval.

To overcome this difficulty cubic splines which vanish identically outside an
interval of length 4h have been constructed. Consider the function B defined by

Bi ) =4[(x—i+2)3 —4(x—i+1)3 +6(x—i)3 —4(x—i— 1)} +(x—i—2)3].
(1.14)

Notice firstly that B vanishes identically for x < i — 2 and is also identically
zero for x > i + 2. Also, since the first two derivatives of x3 are continuous,
the first two derivatives of B} are continuous and, in addition, vanish identically
for x<i—2and x > i- 2. Thus the B{ are splines which are non-zero only
for the interval i — 2 < x < i + 2; they are known as cubic B-splines and each
forms a bell-shaped curve.

Special consideration may have to be given to the B-splines to be used at
the ends of intervals. Often one will wish them to be lop-sided in order not to
stray outside the given interval; sometimes taking half a bell is satisfactory.
(There is additional information about B-splines in §6.8.)

One reason why splines may be preferred to the polynomial approximations
described earlier in this section is that the latter are subject to the Runge
phenomenon. If one is given a function and, in a definite interval, one seeks to
improve the approximation by increasing the number n of points where the
given function and approximant agree, one finds that, although the separation
between the points of agreement decreases, the maximum difference between
the given function and approximant increases and, in fact, becomes infinite as
n — oo if the length of the interval exceeds a certain quantity. By using different
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polynomials in adjacent intervals as when splines are employed this difficulty
can be overcome.

It is, of course, possible once the splines have been constructed with
specified knots to ask that the given function be matched not at the knots but
at some data points chosen in some convenient way. For quadratic splines the
error between the given function and approximant tends to have a ripple on it
when the data points coincide with the knots. If, however, the data points are
midway between the knots the ripples die away, effectively by a factor of 6, as
can be seen from the parabolic shape of cardinal spines. (For further informa-
tion on splines see Ahlberg, Nilson, and Walsh (1967). Extensive tables of
coefficients are given by Sard and Weintraub (1971).)

1.2 Inverse interpolation

Frequently, the problem of determining where a function takes a specified value
is met. In other words, given y find an approximate value of x such that f(x) = y
when f is known only for certain values of x, perhaps corresponding to entries
in a table. One method is to construct an interpolating polynomial p(x) and

then solve
p(x)=y (1.15)

This is known as inverse interpolation.

Inverse linear interpolation occurs when p(x) is chosen to be linear. In this
case, the table is first inspected and two consecutive entries x, and x, are
determined between which x must lie. Then define

p(x) = {(x3 — x)f(x1) + (x — x1)f(x2)}/(x2 — x;)
and the solution of (1.15) is
x = [{f(x2) = y}xy + {y — fG)}x /S (x2) — f(x1)}

If p(x) is not chosen to be linear then more complicated methods must be
used to solve (1.15). Examples are Muller’s method, the secant method, the
method of false position and the method of bisection described in §1.8.

An alternative way, if the function inverse to f is known, is to carry out
interpolation on the inverse function. In general, this will be less reliable than
inverse interpolation on f because, although a polynomial may well be a good
approximation to f, there is no guarantee that the inverse function can be
represented equally well by a polynomial. For example, if f(x) = x? the inverse
function x = ,/y does not have a good representation as a polynomial near the
origin x =0,y =0.

1.3 Interpolation in two dimensions

The problem of interpolation in two or more dimensions is much more
complicated than for one variable. In part, this is due to the fact that functions
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(xa,¥3)

(x2.y2)

(xhy'l)

Fig. 1.4. Triangular interpolation.

may be specified on domains of highly irregular shape. It is usually assumed
that any shape likely to arise in practice can be approximated to as high a degree
of accuracy as required by a network of standard shapes, e.g. triangles or
rectangles, provided that they are made sufficiently small. Therefore we restrict
our attention to such shapes.

Suppose that we want an approximation F to f(x, y) over the triangle shown
in Fig. 1.4 and suppose that F has the form

F(x,y)=o+ Bx+7yy

i.e. we make a linear approximation. If we impose the condition that F and f
are to agree at the three vertices we discover that

F(x, y) = oy f(xq, y1) + a3 f(x2, y2) + 3 f(x3, y3)
where

Aoy = X393 — X3Y; + (y2 — y3)x — (x3 — x3)),

Aoy = X3y — x1¥3 + (y3 — y1)x — (x3 — x,)y,

Aoy = X1y, — Xa¥1 + (P1 — y2)x — (X1 — X3)y
and A, twice the area of the triangle, is given by

A= (x; — x)(y3 — y1) — (x3 = x)(¥2 — y1)-

Take another triangle with vertices (x,, y;), (X2, y,) and (x,, y,) which does
not overlap that of Fig. 1.4 and find a similar linear approximation F, to f over
this triangle. Then, since both F and F, vary linearly along the side joining
(x4, yy) and (x,, y,), and have the same values at the two vertices, they must be
equal at every point of the side. In other words, F and F, are continuous across
the common side. In this way, by selecting non-overlapping triangles to cover
the region of interest, we obtain a linear approximant which is continuous
throughout the region.
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(x4,y4+k) (x,+hy,+k)

(x4.4) (x,+hy,)
Fig. 1.5. Interpolation on a rectangle.

If rectangular elements are employed (Fig. 1.5) we can try the approximation
F(x,y) =a + Bx + yy + éxy. If we require that F = f at the four vertices,
we have

F(x,y) = oy + By(x — x;1) + y1(y — y1) + :1(x — x)(y — y,)
where

ay = f(x, 1), By ={f(xy + h,y,) = f(xy, y1)}/h,
P1 = {0, y1 + k) — fxy, y1)}/k,
Oy = {f0xy + hyy + k) — f(xy + hyy) — f(x1, ¥4 + k) + f(xy, y,)}/bk.

For fixed y, F is a linear function of x and, for fixed x, a linear function of
y. Consequently, F is known as a bilinear interpolant. On any side F depends
only on the values at the two vertices so that, for two non-overlapping rectangles
with a common side, the two bilinear interpolants take the same value on the
common side. Thus bilinear interpolants yield a continuous approximant over
the region covered by non-overlapping rectangles.

Exercises
1. The function f(x) has the values shown

x J(x)

0.1 1.10517
0.2 1.22140
0.3 1.34986

0.4 1.49182

Using linear interpolation determine an approximate value for f(0.26).
2. If f(x) = 3x*> — 1 find a piecewise linear interpolant which agrees with it at x = 0,
0.1, 0.2, 0.3, 0.4, 0.5. What approximation to f(0.33) does it give?
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3. If f(x;) and f(x;. ) are increased by the small quantities ¢, and ¢, respectively, what
is the change to the value of the linear interpolant for f{3(x; + x;.,)}?

4. If the approximation F is linear on [a, b] and agrees with f at the end-points, show
that there is some c satisfying a < ¢ < b such that f(x) — F(x) = 4(x — a)(x — b)f"(c)
if f € C'[a, b] and f” exists. What accuracy does this suggest for linear interpolation
in a table of (i) sin x, (i) In x when x is given at intervals of 0.01 between 1 and 2,
while f is given to 5 decimal places?

. Find a polynomial P(x) of degree 2 or less such that P(1) = 1, P2) = 1, P'(1) = 1.

6. Show that there is no polynomial P(x) of degree 2 or less such that P(x) = a,
P(x + h) = b, P'(x + 3h) # (b — a).

7. For each of the functions (a) sin 7x, (b) tan™! x, (c) (1 + x2)~! determine a single
polynomial and a cubic spline approximation which agrees over —1 < x <1 at
points separated by (i) 0.5. (ii) 0.25, (iii) 0.1, (iv) 0.01. Draw graphs of the original
functions and their interpolants.

8. For the function of Q.1 find x, such that f(x,) = 1.3.

9. Show that, for linear interpolation on a triangle, oy + a, + 03 = 1.

10. Prove that, in bilinear interpolation on a unit square, the basis function at an internal

node is given by

W

By (x, y) = aj(mx)oy (my) A<jksm-1)
where
yx)=x—j+1 (-1<x<))

=j+1-x (sx<j+1

and is zero elsewhere.
11. If
3 3
F(X, y) = Zo z{) arsxry,
express the coefficients a,, in terms of the values of F, 6F/dx, 0F/dy, 0*F/0x dy at
(0,0), (0, 1), (1, 0), and (1, 1).
12.If f(L1) =1, f3,1) =4, f(1,2) =35, f(3,2) =7 find the approximate value of
f(3,2) by (a) triangular interpolation over (1, 1), (3, 1), (1, 2), (b) bilinear interpola-
tion, (c) interpolation over a triangle formed from a side and two diagonals.

1.4 Approximation

How do we know when an interpolant is a good approximation to a function?
In a sense this question has no answer because what is regarded as good by
one person will be deemed unsatisfactory by another. Nevertheless, certain
measures of error have been introduced and once a particular measure has been
adopted we have decided on a criterion which determines whether some errors
are better than others.

One measure of the difference between two functions f and F over an interval
[a, b] is provided by

sup |/(x) — F(x).

asx<bh

This is known as the maximum or uniform norm and measures the maximum
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a,

dl- dar
m N
|
b a b X b a M x

._.d;_ —d |
Fig. 1.6. A possible deviation in Fig. 1.7 Comparison of norms.
approximation.

deviation that occurs between the two functions. Another measure which is

often used is
b 1/2
([t - Feopax]”.

It is known as the L, or least squares norm. The L,-norm estimates the total
deviation of f from F over the whole interval. In Fig. 1.6 the maximum norm
has value d whereas, in Fig. 1.7, it has the greater value d,. Therefore, if these
figures represent different approximants F to the same f, Fig. 1.6 will be
considered to be better than Fig. 1.7 as far as the maximum norm is concerned.
On the other hand, the L,-norm is larger in Fig. 1.6 than in Fig. 1.7 so that
Fig. 1.7 will be preferred on the basis of the L,-norm.

The maximum norm is the natural one if one wishes to be within an assigned
accuracy at every point of the interval. In general, there is little virtue in
arranging high accuracy throughout most of the interval with only moderate
accuracy elsewhere. It is better to have the difference f — F small over the
whole interval and making small oscillations through positive and negative values.

For the maximum norm there are two theorems related to approximation
and which will be quoted without proof.

THEOREM 1.4 (WEIERSTRASS). If f € C[a, b] then, given any ¢ > 0, there is a
polynomial p,(x) such that

[Palx) — f(X)| < &
for x €[a, b].
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THEOREM 1.4a. If f € C[a, b] and n is a given integer, there is a unique polynomial
p, of degree n or less such that

sup |py(x) — f(¥)I < sup [Q,(x) — f(x)|

asx<h as<x<h
for every polynomial Q, of degree n or less. The sup on the left is attained at
n + 2 points at least.

There is no algorithm for calculating p, in Theorem 1.4a in a finite number
of stages. If, however, we only impose the condition at a finite number of points
then we can construct an algorithm often known as the first algorithm of Remes.
Let us denote the set of points by § and select from them n + 2 points
Xgs X15-++»Xpeq Such that xo < x; <+ < x,4 4.

Define
nt+1
=T i —x)7! (1.16)
j=0
where the prime means omit j = i from the product, and then put
nt+1 n+1
n Z (=)A= — Z A f(x;)- (1.17)
i=0 i=0
Construct
n n , X — x_' ;
o) = Y [Tt {7Gx) + (=)'}
i=0 (j=0X; — X;
Then

Pa(x) = f0x) + (=)' (1.18)
fori=0,...,n Also

Pl n) = = 3 ALF0) + (<,

= f(xpe1) + (=)'

from (1.17). Thus (1.18) holds for i = n + 1 as well and we have ensured that,
at n + 2 points, p, does not differ from f by more than |5|.

Now check the other points of S. If the difference at them does not exceed
|nl, then p, is the required polynomial. Otherwise find the point x’ of S when
|p, — f] is a maximum. If x; < x' < x4, (i=0,...,n) replace x; by x" if
{p.(x") — f(x"){pul(x:) — f(x;)} > O; otherwise replace x; ., by x'. If x' < x, put
x' for xq if {p(x") — f()}{Pu(x0) — f(x0)} > O; otherwise replace x,, ., by x'.
Operate similarly if x’ > x,,,. Return now to (1.16) and repeat the calculation
with the new set of points. Proceeding in this way we shall, after a finite number
of steps (since there is a finite number of selections of n + 2 points), reach a
polynomial p, for which the inequality of Theorem 1.4a is valid at all points
of the set S.

Acceleration of the convergence may sometimes be achieved by the second
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algorithm of Remes. Since p, — f changes sign in each of the intervals
[xo, x11s [xy, X231, - - -, [%4, X, + 1] it has at least one zero in each interval. Let y;
be a typical zero in [x;, x;, ;1. In each of the intervals [a, yo1, [ Vo, Y11, - - - » [Vn» ]
find a value of x, say z;, where p,(z;) — f(z,) is an extremum and has the same
sign as f(x;). If, for some z,,

|Pa(zi) — f(2))] = max |p,(x) — f(x)|

xeS

work with the set z,, ..., z,,,, otherwise find x" so that

IpA(x") — f(x') = max |p,(x) — f(x)|
xeS
and replace one z; by x’ as in the preceding paragraph.

Exercise
13. Construct a computer program to carry out the first algorithm of Remes and use
it to determine some best approximation over a finite set of points.

1.5 L,-norm approximation

The determination of the best polynomial in the L, or least squares norm
involves considerations which are more conveniently handled in a rather more
general setting. If _ﬂ’ | fI? dx exists we write f € L,(a, b) or, more briefly, f e L,
when no confusion can arise.

When f € L, and g € L, we can introduce the inner product (f, g) by

b
(f,9) = f fg*dx (L.19)

where g* is the complex conjugate of g. Although we are only concerned with
real functions at the moment, complex-valued ones will occur later and it makes
little difference to the analysis to cover both cases at once.

We may verify that the right-hand side of (1.19) exists by deriving the Schwarz
inequality. Clearly

b
f S+ plgh?dx >0

or

b b b
AZJ |f|2dx+21/1j |fg|dx+u2J lgl?dx =0

for any real A and pu. The inequality on the quadratic form can hold only if

(f |9l dx) <I IfIZdXJ g1 dx
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b 2 b b
J fordy < J Ifl’dxj lg? dx

which constitutes the Schwarz inequality.
The norm || f|| of f is defined by

1= N (1.20)

(When other norms are considered, a suffix will be added to this norm to
distinguish it from the others.) The norm is always positive unless f = 0 almost
everywhere. Further consideration of norms will be found in §1.11.

It will be remarked that, if ¢ is a complex constant,

cfip=c(f,9); (ficg)=c*(f,9)

whence

lef Il =1l fll; - (f, 9) = (g, /)*. (1.21)
From the Schwarz inequality
(Ll < I fIHgl- (1.22)

Also

b b b b
f |f+gl2dx=f |f|2dx+J (fg*+f*g)dx+J lgl* dx

b 1/2 b 1/2)2
S{(J If1? dx) +(J Ig? dx) } (1.23)

by the Schwarz inequality. This may be expressed as

If+gl<IfI+ gl (1.24)
On replacing f by f; — f, and g by f, — f;,
Ify = fll < W fy = Lol + 1Lf2 = £l (1.25)

If the norm of f is regarded as the length of f, (1.22) states that the modulus of
the inner product of f and g is never greater than the product of their lengths.
There is an obvious analogy with the scalar product of vectors and, if (f, g) = 0,
we often say that f and g are orthogonal. Similarly, (1.25), expressed in terms
of lengths, is the same as the triangle inequality of vectors. The distance between
two functions f; and f;, is || f; — f3|| and is zero only when f; = f, almost
everywhere. Approximation in the L,-norm is an attempt to reduce the distance
between two functions to a minimum, distance being understood in the sense above.

An important role is played by orthogonal elements. Suppose there is a finite
or infinite set of functions ¢, ¢,, ..., of L, such that

(Pm: P) =0 (m #n), (1.26)
(@ns a) = lPall®> = 1. 1.27)
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Such a set is said to be an orthonormal set and (1.26) and (1.27) are often

abbreviated to (¢,,, ¢,) = Opn-
Suppose we want to approximate a function fe L, by means of an
orthonormal set ¢, ¢, . .., ¢y using the L,-norm. Then we wish to choose the

coefficients ¢, so that

N
”f - Z cnd’n
n=1
is a minimum. Now, on account of (1.26) and (1.27)

”f_ 21 Cn¢n

ISy - 2 (U, 82) + culbus f) — crc)

N N
=IfI? - ;1 I(fs @)1+ X (S, ba) — el

n=1

Only the third term contains the coefficients ¢, and, since no member of the
series can be negative, it attains its smallest value of zero when

a=0¢,) (m=12...,N). (1.28)

Thus (1.28) gives the rule for selecting the coefficients so that the norm is a
minimum. When this choice is made

2 N
=11 - ; I(fs d)I?. (1.29)

N
f - Z Cp d’n
n=1
The left-hand side cannot be negative and so
N N
1122 X o2 Y lel? (1.30)
n=1 n=1

which is known as Bessel’s inequality.

An orthonormal set is said to be complete, if for every f € L,, there is a linear
combination such that the L,-norm of the difference is arbitrarily small. If
(f, ¢,,) = 0 for every ¢,, of a complete orthonormal set all the coefficients c,,
are zero so that the norm of the difference cannot be made arbitrarily small
unless f = 0.

There is no loss of generality in assuming that the number of elements in
a complete orthonormal set is infinite. Letting N — oo in Bessel’s inequality
(1.30), we obtain

i I(fs d)l> < ISIP (1.31)

which shows that the series on the left-hand side is convergent. Therefore

= ¥ /80P

,,Z (f, b
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must tend to zero as m and n tend to infinity. It follows (from the Riesz—Fischer
theorem) that there is a g € L, such that
lim =0.

n— o

g— Z f, )b
k=1
From the Schwarz inequality (1.22)

I(g - £ (o0t )

< Uq - i:l (f. b

Hence

@ 0m) = lim 3 (f, 6 )br bu) = (f b)-

n—w k=1

Consequently, (g — f, ¢,,) =0 for m = 1,... and since the orthonormal set is
complete our earlier remarks entail f = g. We may summarize this by saying:
if ¢y, P2, ... is a complete orthonormal set every f € L, can be expressed as

f= Z (fs &) Prs
k=1
the equality being understood to mean that

lim =0.

n—+ o

1= 3 (60

It follows from (1.29) that, for a complete orthonormal set, f = Y2, ¢,
implies that

1112 =3 el (1.32)
k=1

Ifg =Y, by¢, and we apply (1.32) to f + g, f — g, f + ig, f — ig then, from
the identity

IS+ gl = If —gl* +illf +igh® — il f — igh® = 4(f, 9),

is derived Parseval’s formula

00

(fsg)= Z ckbl?'

k=1

Given a set of linearly independent elements ,, ¥, . . . which will approximate
any f € L, arbitrarily close in L,-norm we can always manufacture a complete
orthonormal set by a method known as the Schmidt process. First define ¢, by

&y =¥/l

Then pick ¢, = g,/llg,| where g, = Y, — (2, $1)¢y; g, cannot be zero because
¥, and y, are linearly independent. Clearly (¢,, ¢,) = 0. In general, ¢, = g,/ll g.|l
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where

In = d’n - (‘//m ¢n--1)¢n—l - ('I/n’ ¢n—2)¢n—2 -t ('/’m ¢l)¢1-

It is important to observe that in the whole of the preceding discussion
concerning the minimization of the norm we have not used the specific form
(1.19) but only properties of the inner product such as (1.20), (1.21), (1.22), and
(1.24). Therefore we can draw the same conclusions if the inner product is
defined in another way so long as it has the properties (1.20), (1.21), (1.22), and
(1.24). For instance, if we choose

M
(f,9) = .=Zl S(x)g*(x)

for some fixed x; we can easily verify that the properties are valid and so we
may deduce that || f — Y1 c,dall or YL |f(x;) — Yn=y catpu(x)]? is a mini-
mum when

=18 = ¥ [ (x).

It is this kind of problem which arises in fitting data at a discrete number of
points by the method of least squares. Note that it is frequently a computational
advantage to employ orthonormal polynomials for least squares rather than
expansions in non-orthogonal functions because the matrices tend to be
diagonally dominant even when round-off error is present.

Another possibility is to take

b
(f,9) = J w(x) f(x)g*(x) dx

a

where w is a real non-negative function. This corresponds to varying the
contribution from the various parts of the interval according to the weight
function w. In this connection there is the following interesting result:

THEOREM 1.5. If ¢4, ¢5, ... is an infinite orthonormal set of polynomials on the
finite interval [a, b] with weight function w, i.e.

b
J W(X) P(X)P5r (x) dx = Oppn,
then the orthonormal set is complete.

Proof. Theorem 1.4 ensures that, for continuous f, there is a polynomial p(x)

such that
[f(x) — p(x)| <e.
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The choice (1.28) guarantees a minimum of the L,-norm so that

Jb w(x)

provided that N is made larger than the degree of p. Since the right-hand side
does not exceed &? |, w(x) dx and can be made arbitrarily small we have the
desired result. Since any f € L, can be approximated as close as one wishes by
continuous functions the proof is terminated.

As an example let a = — 1, b = 1, and w = 1; first construct an orthonormal
set (which must be complete by Theorem 1.5) from the powers of x, i.e. with
¥; = x’~1. The Schmidt process gives

by =1/212 ¢, =(3/2)'x, ¢5=(5/2)'?13x* - 1),...,

which are multiples of the Legendre polynomials P,(x) which are defined by
Rodrigue’s formula

N

f(x) - Z Cn¢n(x)

n=1

’ dx < r w(x)|f(x) = p(x)|* dx

a

n!2" dx"

P(x) = (x2 = 1.

The first few are
Pyx) =1, Pi(x)=1x, Py(x)=1303x*~1), Py(x)=3i(5x>— 3x)
and they satisfy the recurrence relation
(n+DP,,(x)=2n+ 1)xP,(x) —nP,_,(x)

and have the orthogonal property
1
J P, (x)P,(x) dx = 2§,,,/(2n + 1).
-1

In practical calculation it may be more convenient to compute the ¢, via the
recurrence relations directly instead of deriving the analytical expressions first.

A second example is supplied by a = —1,b = 1, w = (1 — x2)" /2, Again we
start from the powers of x and find for our orthonormal set

by =1/n'2, ¢, =Q2/m)'%x, ¢y =(2/m)"?2x* ~1),...

which are multiples of the Chebyshev polynomials. The Chebyshev polynomial
7, is defined by

T,(x) = cos(n cos ™! x)
_nl(=2y" dr

Ty TRl AL

Some examples are

To(x) =1, Ti(x)=x, To(x)=2x2~1, Ta(x)=4x> - 3x.
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The term of the highest power in 7, is 2"~ 'x". The Chebyshev polynomial has
a celebrated property concerning the maximum norm, namely

THEOREM 1.5a (CHEBYSHEV). Of all polynomials of degree n in which the coefficient
of the highest power is unity the one with the smallest maximum norm on [ —1, 1]
is T(x)/2"~! and

172(x)/2" " Ml = 1/277 1.

Here the notation || f ||, is employed to signify the maximum norm, i.e. sup | f|
over the appropriate interval which, in this case, is [ -1, 1].

Proof. Assume that there is a polynomial p,(x) of degree n and with leading
coefficient unity which is of smaller maximum norm than T,(x)/2""!. Let

q(x) = p,(x) — T(x)/2""*.

Then q is a polynomial of degree at most n — 1. Since p, has a smaller norm
than 7,/2""!, g must be negative at the maxima of T,,/2"" ! and positive at the
minima of T,/2" !, Now putting x = cos 0, T,(cos ) = cos nf so that T,(x) has
zeros at x = cos{(2k — 1)n/2n} for k = 1,2, ..., n and therefore possesses n + 1
maxima and minima on [—1, 1]. Hence q must vanish at least n times which
is contrary to its being a polynomial of degree n — 1. Thus the first part of the
theorem is proved and the second part follows from the form of 7, when
= cos 0.

Another way of expressing Theorem 1.54 is to say that of all polynomials of
degree n with maximum norm unity on [—1, 1], 7;(x) has the largest leading

coefficient, namely 2"~ 1.
Series of Chebyshev polynomials can be readily summed on the computer

by taking advantage of the recurrence formula
T4 1(x) — 2xT,(x) + T, 4(x) = 0.

For instance, if
N

[ =Y a,T,(x),
n=0
define by, = 0, by=ay and then calculate by_,..., b from

bn = a, + 2xbn+l - bn+2'
It follows from the recurrence formula for 7, that
f(x)=ao— b, + b;x.

The round-off characteristics of this method are no worse than those of
ordinary polynomial evaluation and the same number of multiplications is used.
In fact, the method can be used for any system of polynomials p,(x) which
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satisfies a recurrent relation of the form

Pu+1(X) = pOX)Pa(x) + ppys(x) =0
by putting
b,=a,+ pbys1 — by,
and then
N

Z ApPu(x) = (ag — by)po(x) + byp;(x).

n=0

Any power series can be expressed as an expansion in Chebyshev polynomials
by employing formulae such as

1=Tyx), x=T(x), x*=3{To(x)+ Th(x)},
X3 = 3Ty (x) + T3(x)}.

It is often possible to reduce the degree of an approximating polynomial and
thereby economize in computation by implementing the properties of Chebyshev
polynomials. For example, if the function f is approximated by the polynomial
Pu+1 Where

+1
Prs1(X) =ag +ayx + -+ @, X"

consider the polynomial p, defined by

Pu(X) = Ppy1(X) = Gy 1 T,y 1(X)/27.

Then p, is of degree n and

Pn—f = Posr — f =y 1 T 1 ()/2".

Thus the error in p, does not exceed that in p,, , by more than a,, T, (x)/2".
Since |7, 1(x)] < 1 on [—1, 1], this error can be quite small when a,, /2" is
small enough. In other words, truncation of the power series by removal of the
higher powers by subtracting appropriate multiples of Chebyshev polynomials
can lead to an effective measure of economization.

Although the properties of Chebyshev polynomials have been described for
the interval [ —1, 1] they can be extended to other finite intervals such as
[x,, x,] by first making the substitution

X —X
y=—142—— L,
XZ"‘xl

Exercises

14. Express 1, x, ..., x% in terms of Legendre polynomials.
15. Find the polynomial of degree 2 which gives the best L,-norm approximation to
e*on [0,1].
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16. The function f(x) was determined experimentally and found to have the following

values
x: 1.00 1.04 1.08 1.12 1.16 1.20
f(x): 841 8.63 8.82 9.00 9.17 9.32

Find the polynomial of degree 2 which gives the best approximation in L,-norm.
17. By making the substitution

W2+ Dy—1
x=_..——
V2-Dy+1

express tan~! y in terms of Chebyshev polynomials of x. If only those T, are retained
for which n < 7 show that the recurrence relation method gives

tan~'(1/,/3) = 0.5235986.

18. By starting from the Taylor series for e* up to powers of x* show that Chebyshev
truncation leads to

e* = (382 + 383x + 208x? + 68x3)/384

with an error of not more than one unit in the second decimal place on [ -1, 1].

1.6 Rational approximation

Although Weierstrass’s theorem tells us that any continuous function can be
approximated as closely as we like on a finite interval, the degree of the
polynomial may be unduly high for a specified level of accuracy. Again, the
presence of a singularity in the complex plane near the real axis may render
polynomial approximation awkward. For these reasons it is worth considering
whether a rational function will give better accuracy as an approximant than
a polynomial. It has been suggested (see, for example, Hart et al. (1968)) that
for a given amount of computational effort rational functions give greater
accuracy than polynomials.

Consider the possibility of constructing a rational approximation to f in a
neighbourhood of the origin—there is no loss of generality in selecting the
origin since any other point can be converted to it by a simple change of
variable. We try p,,(x)/q,(x) where p,, and g, are polynomials of degree m and
n respectively, and are supposed to have no common zero since, otherwise, it
could be cancelled. One method of specifying p,, and g, is to require that p,,/q,
and its first m + n derivatives agree with f and its first m 4+ n derivatives at
x = 0; it is then called a Padé approximant.

For example, for a Padé approximant to In(1 + x) withm =2 and n = 2 we
would want the coefficients in

(ap + a;x + a,x?)/(by + byx + byx?)

chosen so that the expansion of the rational function near x = 0 was the same
as x — x2/2 + --- . To put it another way we wish to make as many powers of
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x disappear from
ap + a;x + a;x* — (by + byx + byx*)(x — 3x* + )
as possible. Therefore, select
ap =0, a,=by, a,=by— 3b,
b, —3by + 3bo =0, —3b,+3b, —iby=0

so as to eliminate powers up to and including x*; if we tried to remove x° we
should find by, = b, = b, = 0 which is obviously unacceptable. Since we have
one more coefficient than equations we normalize by putting b, = 1. Then
a,=1,b; =1,a, =4, b, =% and the Padé approximant to In(1 + x) is

x + 4x?
1+ x + &x?

agreeing to powers of up to x* in In(1 + x).

Other Padé approximants can, of course, be constructed by choosing different
values of m and n but, as a matter of practice, it is usually found that the best
approximations are obtained by taking m = n or possibly m = n + 1 provided
that f has a Taylor expansion at the origin.

An alternative form of rational approximation may be derived from Obresch-
koff’s formula

& ntm+n—k)! (x —x
,Z:o( )(n——k)!(m+n)! k!
& nlm4n—k)! (x—x)
s —Rm+n)! k!
1

D fo

k f (k)(xl)

r (x — O"(xy — " f ") dy

which may be verified by integrating the integral by parts m + n + 1 times. The
integral is effectively of order (x — x,)"*"*! and so can be ignored to a first
approximation; its explicit form can be used to provide an estimate of the error
made in such neglect.

As an example let f(x) = x* and x; = 1. Then, dropping the integral, we
have withm =n =1

Xt =4 — Dux* =1+ 4x— Dy

or
_2—p+px

p+ (2 —px

as a rational approximation valid near x = 1 for any real p.

u
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Padé approximants usually become increasingly inaccurate as |x| increases.
So attempts have been made to minimize |p,/q, — f| over an interval.
Something like the second algorithm of Remes (§1.4) can be constructed but
the algorithm may not converge if the initial approximation is not sufficiently
good and, in any case, the solution of non-linear equations is involved at each
stage.

A convenient method for evaluating rational functions is by continued
Sractions, which may also arise in other contents in numerical work. (Expansions
for numerous functions in polynomials, Chebyshev polynomials, rational
functions, and continued fractions can be found in Abramowitz and Stegun
(1965).) To fabricate a continued fraction suppose we are given m/n. Divide m
by n; let a; be the quotient and p the remainder so that

q 1
—=a,+-=a; + —
p p p/q
Proceeding in this way we obtain
m 1 1 1
—=a+—-——=a; +
n 1 a2+ a3+
a; + ——
as + “e

More generally we can consider expressions of the form

a, a
by + — 2 ...,
® b+ byt

If the number of terms is finite it is called a terminating continued fraction.
Otherwise, it is called an infinite continued fraction and the terminating fraction

a a, a4,

"=b+ e
bbbt b,

is called the nth convergent. If lim,_, ,, f, exists, an infinite continued fraction
is said to be convergent. It can be proved that, if ¢, = 1 and the b; are integers,
convergence is always secured.

If f, = A,/B, it may easily be verified that

An = bnAn—-l + anAn—Za (133)
B,=b,B,., +a,B,_,, (1.34)
ApBy_y — Ay 1B, = (=1)
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subject to A_; =1, A, = by, B_; =0, B, = 1. Hence

fosr = fo= —8ui (B i(fo — fuo1)/Bas 1

If a; and b, are all positive, (1.34) indicates that 0 < a,,,B,_,/B,,,; < 1. Thus
fu+1 — [ is numerically less than, and of opposite sign to, f, — f,_;. Now, in
this case, by is less than the continued fraction since part is omitted while the
convergent b, + a,/b, is greater than the continued fraction because the
denominator is too small. Following this route we conclude that, when the g,
and b; are positive, every convergent of odd order is greater than the continued
fraction and every convergent of even order is less than the continued fraction;
moreover

f2n+1 < on-l’ f2n > f2n—2

so that the convergents of odd order steadily decrease while those of even order
steadily increase.

These properties make continued fractions very convenient for computation.
Since, for any rational function an equivalent terminating continued fraction
can be manufactured (clearly, a terminating continued fraction in which a; and
b; are polynomials is equivalent to a rational function), the continued fraction
may be evaluated more economically, as far as the number of arithmetical
operations is concerned, than calculating the numerator and denominator of
the rational function separately and then dividing.

For the conversion of series the following terminating continued fractions
may be noted:

1 b b b
1+4by+byby+--+bby-by=—"n? S
1—by+1—by+1— —b,+1
(1.35)
1 1 1 1 : Z
= Mo 36)
Uy u, u, t uy + u, —U,_ + U
1 x 2 n
oox X o O
A, apdy agd,a, aga, a,,
=MI_~ agx ax a,,_lx' (137)
do+ a; —x+ a, — x+ a, — X
Infinite series may be handled via
Z oo oy X oyX (138)

1——1+a1x 1+ o,x—

where o, = a,, o, = a,/a,_; (n = 1). Alternate expressions can be derived by



INTERPOLATION AND APPROXIMATION 27

using the fact that the nth convergent can be written as

Ja=bo +

for arbitrary non-zero c;.

Exercises
19. (i) Construct the Padé approximant with m = n = 2 for ¢* in the neighbourhood of

20.

21.

22.

23,

24.

25.

the origin.

€18y C1Ca03 C3C3a3  Cp— 1Cpy

ci1bi+ b, + c3by+ cqb,

(if) Find the maximum norm of the difference between the Padé approximant
and e* on [0, 1]. Compare your result with the polynomial of degree 5 obtained by
the first algorithm of Remes with S the set 0(0.1)1.

Find the Padé approximants with (i) m = 2, n = 2, (ii) m = 3, n = 2 for sin x near

the origin.

Use Obreschkoff’s formula to obtain the approximations

x(x +2)
6(x + 1)?

(i) In1 + x) = —
1 x?
14’5X'*i§
(ii) e"=—-————i
1 X
l—-x+—
2 12

(2x? — 3x — 3),

near the origin. How does (ii) compare with 19(i)?

Find a, b, and ¢ so that

0<x<1

is a minimum. Compare the corresponding Padé approximant with m =n = 1.
Calculate successive convergents to

)

24 24+ 34+ 14+ 44+ 24 6

A metre equals 1.0936 yards. Find limits to the error in taking 222/203 yards as

equivalent to a metre.
Show that

. X
() tanx ="~ ..

T+x  2x x? (2x)? (3x)?

(i) In—= = 2=

l—x 1-3- 5-

7—
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26. The numerator and denominator of a rational function, both of degree n, are
expressed in terms of Chebyshev polynomials. Obtain the formulae converting it to
a continued fraction of the form
b, b,

a e S S R

ay + x+ a; + x+

1.7 Trigonometric interpolation

The approximation of a function f on [0, 2] by a series of the form

N
jao + Y (a,cos nx + b, sin nx)
n=0

is a particular case of the general theory developed in §1.5. Nevertheless some
of the formulae are of interest and will be needed subsequently. By the general
theory the best L,-norm approximation to f is obtained when a, = o, and
b, = B, where

o, = (1/7) jzn f(x) cos nx dx,
0

B, = (1/m) jzu f(x) sin nx dx.
V]

The coefficients o, and B, are, of course, those which would occur in
the infinite Fourier series representation of f. This infinite series may not
converge to f but, if f has only a finite number of discontinuities which are
finite jumps, the series converges to ${ f(x + 0) + f(x — 0)} at interior points
and 3{f(0+0) + f(2nr — 0)} at x =0,2n (when f is piecewise smooth).
However, since at the moment we are concerned with finite trigonometric series
the problem of convergence does not arise.

Suppose now that we ask that the trigonometric expansion be specified not
by the L,-norm but by being required to agree with f at certain points. Let
the points be chosen as kh (k =0, 1,..., M) where M is a positive integer and
h = 2n/M. Then we try to find a, and b, so that

N

ia, + Y, (a,cos nkh + b, sin nkh) = f(kh) k=1,...,M-1)
1

n=

=3{/0 + fCn)}  (k=0,M) (139)
Now
el’nh — e|'(M+ 1)nh

M
Z einkh -
k=1 1—e

inh

unless €™ = 1. But ¢’M" = |, since n is an integer and so the series is zero if
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e'™ £ 1, If, however, ¢ = 1, each term in the series is 1 and so

M
Y e"™* =M  (if n/M is an integer)
k=1
=0 (otherwise) (1.40)

since n/M being an integer is the condition for ¢ = 1. If m and n are integers
we see from (1.40) that

M
Y glmtmkh — pp (if (m + n)/M is an integer),
k=1

M
Y glnmmikh — pf (if (n — m)/M is an integer)
k=1

and otherwise the sum of each series is zero. With # denoting the real part

cos nkh cos mkh = JR{e’m*mMkh 1 gitn—mikh}

and hence

M
Y. cosnkhcosmkh=0 or iM or M (1.41)
k=1

according as (a) neither (n + m)/M nor (n — m)/M is an integer, (b) one but
not both of (n + m)/M and (n — m)/M is an integer, (c) both (n + m)/M and
(n — m)/M are integers.

Similarly, from

M 1 M
sin nkh sin mkh = 9?5 Y {eftnmmkh _ gitntmikh}
k=1 k=1

M M
Y cos nkh sin mkh = .$ 5 Y {eitnrmkh _ gitn=mkhy
k=1 k=1

we deduce that

M
Y sinnkhsinmkh=0 or —3iM or M (1.42)

k=1

according as (a) both (n + m)/M amd (n — m)/M are integers or neither is,
(b) (n + m)/M is an integer but (n — m)/M is not, (c) (n — m)/M is an integer
but (n + m)/M is not, and that
M
cos nkh sin mkh = 0. (1.43)

k=1

Multiply the kth equation of (1.39) by cos mkh, where m is one of the integers
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0,..., N, and add. Then

M-1

Y. f(kh) cos mkh + 3{ f(0) + f(2m)} cos 2am
=1

k

M N
=y {%ao + Y. (a,cos nkh + b, sin nkh)} cos mkh. (1.44)
k=1 n=1
Suppose how that M is even; select N = M. Then, from (1.40), (1.41), and
(1.43) the right-hand side of (1.44) is {Ma,, it m # 1M and May if m = {M = N.
In a similar way the right-hand side of

M-1

Y. f(kh) sin mkh + 4{f(0) + f(2n)} sin 2zm

k
M N

=Yy {%ao + Y (a,cos nkh + b, sin nkh)} sin mkh
k=1 n=1
is 1Mb,, when m # 0, iM.
Thus the solution to our problem when M is even is
N-1
3ao + Jaycos Nx + ) (a,cos nx + b, sin nx)

n=1

where N = 1M and

M
a, = 2 Y. f(kh) cos mkh, (1.45)
Alk=l
2 M
b, =— Y. f(kh)sin mkh (1.46)
M=

with the understanding that f(Mh) means 3{ f(0) + f(2n)}. It will be observed
that there is no other solution since the coefficients a,, and b,, vanish when f
is zero in (1.45) and (1.46).

If M is odd, an analogous procedure gives the expansion

N
4ao + Y, (a,cos nx + b, sin nx)
n=1
where N = 4(M — 1) and the coefficients a,,, b,, are still given by (1.45) and
(1.46).

The analysis of the inner product Y f(x;)g*(x;) in §1.5 demonstrates that,
not only does the trigonometric polynomial agree with the function at the
specified points, but also it is the same as would be obtained by the method
of least squares in fitting the data by a trigonometric polynomial of degree N.

Exercises

27a. Find the trigonometric interpolant on [0, 2z] for f(x) = x with M = 4 and show
that it is badly in error at the end-points.
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27b. If f(x) = x(0 < x < m), = 27 — x(n < x < 27) obtain the trigonometric interpolant
when M = 3 and when M = 10. Compare the graphs of the interpolants with the
original function.

SOLUTION OF EQUATIONS

1.8 Solution of an equation

Often one is faced with the problem of finding the values of x which satisfy an

equation of the form
J(x)=0. (1.47)

Such a value of x is called a root of (1.47) or a zero of f. Since the number of
equations which can be solved analytically is very limited, the devising of
numerical techniques is of paramount importance.

It is necessary to be aware right from the start that it will rarely be possible
to find the roots of (1.47) exactly by numerical methods. There are several
reasons for this. In the first place, unless f is a very elementary function, it will
usually have to be replaced by some approximant—perhaps one of the types
discussed in preceding sections. Such replacement is bound to introduce some
error. Secondly, any computation will usually involve round-off error. Thirdly,
any computer can carry only a certain set of rational numbers so that if the
root of (1.47) is not a rational number or is a rational number outside the
computer set its representation in the computer must inevitably be in error.

Given that these sources of error are virtually inescapabile it is vital to arrange
that techniques produce answers which can be related to the roots of (1.47)
and, in particular, do not supply more or less zeros of f than were originally
present.

Suppose that f is continuous for a < x < b and that f(a) and f(b) have
opposite signs, i.e. f(a)f(b) < 0. Then we know that f(x) = 0 has at least one
root in [a, b]. In the bisection method we aim to locate a root by taking a
sequence of intervals, each half the size of the previous one and each containing
a root. The actual algorithm is:

Define a, = a, by = b and then form the numbers a,, b,, a,, b,, . . . successively
by the following procedure. Put

¢ = %(ar—l + br—— 1)

and calculate f(c,). If f(c,) =0 then x = ¢, is the root sought. If f(c,)#0
then either (i) f(c,)f(a,_,) >0 and then we define a,=c,, b,=>b,_,, or
(i) f(c,)f(a,_ ;) < O and then we define a, = a,_, b, = c,. Stop the process when
la, — b,| < &, where & is some pre-assigned number.

In general ¢ is selected so that desired accuracy is attained or so as to keep
the number of iterations down to a specified level. The convergence of the
process is governed by Theorem 1.8.
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THEOREM 1.8. Under the conditions of the algorithm
(1) br — 4, = (b - a)/zr

and, if x, is the root of f(x) =0,
(i) Ixo — 3(a, + b,)| < 3(b, —a,) < (b —a)/2"* .

Proof. 1f (i) of the algorithm applies
b—a,=b,_y —c, = b, —a,_,).
If (ii) applies
b,—a,=c,—a,_,=%b,_, —a,_,)

so that there is the same connection between the lengths of successive intervals
in both cases. Part (i) of the theorem is an immediate consequence.
For part (ii) remark that

Xo — %(ar + br) = %(XO - ar) + %(XO - br)

Now x, — a, is positive and x, — b, is negative so that the right-hand side must
be less than i(x, — a,) and greater than i(x, — b,). However, x, < b, so that
Xo — a, < b, — a,, and xy > a, so that x, — b, > a, — b,. Thus the right-hand
side is smaller than (b, — a,) and larger than i(a, — b,), i.c.

|x0 - %(ar + br)l(%(br - ar)'
The final statement in part (ii) follows from part (i) and the proof is complete.

Theorem 1.8 (i) tells us that successive intervals containing the root become
smaller and smaller so that the root can be placed to any desired degree of
accuracy. From (ii) we see that if the iteration is stopped when b, — a, < ¢ the
error in 4(a, + b,) as an approximation to x, does not exceed 4¢. Furthermore,
the number of iterations to achieve this accuracy satisfies 2" = (b — a)/e.

These conclusions and Theorem 1.8 assume that f is calculated exactly. As
we have already remarked this is not true in general. However, reasonable
results can be expected provided that ¢ is not chosen too small, e.g. it must be
greater than the minimum distance between two consecutive numbers of the
computer set.

A variant of the bisection method is the method of false position. In this the
approximation ¢, to the root, instead of being taken as i(a, + b,), is chosen
as the point where the straight line joining (a,, f(a,)) and (b,, f(b,)) cuts the
x-axis in the (x, f(x))-plane. Consequently,

Cryy = brf(ar) - arf(br)' (148)
f(ar) - f(br)
Apart from this change the method of false position has the same procedure
as the bisection method. It can be proved that the method of false position
converges to a root under the same conditions as Theorem 1.8 but the
convergence is generally much slower than that for the bisection method.
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A relation of the method of false position is the secant method, in which a
sequence of points x,, X,, ... is generated via (1.48) so that

X _ X,-—lf(xr) - xrf(xr-—l) (]49)
ret S,) = f(x,-1)

with x; = a, x, = b. Here there is no requirement that f(a)f(b) < 0 but now
we have no guarantee of convergence. Indeed, if there is convergence, the
denominator of (1.49) must approach zero which can make for numerical
difficulty. There is, of course, complete failure if f(x,) = f(x,_,). On the other
hand, the secant method will, when it converges, usually do so faster than the
bisection method or the method of false position.

The iterative methods that have been discussed so far and those to be
mentioned subsequently are all of the type

Xp41 = F(x,). (1.50)

Iflim, , ,, x, = X, and F is continuous in a neighbourhood of x,, lim, , , F(x,) =
F(x,). Hence, a convergent iteration with continuous F leads to a root of

x = F(x). (1.51)

Thus the main question is whether the sequence converges and the answer to
this may depend not only on the form of F but also the starting value x,.
A somewhat stronger condition than continuity is to require
[F(x) — F(y)l < M|x — y| (1.52)

which is a Lipschitz condition. If F is differentiable the mean value theorem
asserts that

F(x) — F(y) = F'(&)(x — )
for some ¢ in (x, y). Thus, if |F'(£)| < M, F satisfies the Lipschitz condition (1.52)
We now prove

THEOREM 1.8a. If F satisfies (1.52) for all x,y with M <1 then (1.51) has a
unique root x, and the iteration (1.50) converges to it for any x,.
Proof. From (1.50) and (1.52)
%41 — %] = [F(x,) = Ftp- )l S Mlx, — %, | S M7 x, — x4
by repeated application. Hence, for any integer s > 1,
Xpbs = Xp| < s = Xpwgmal + 1 Xpwsm1 = Xppgmal + 0+ Xegy — %,

SM™ 24 M e M Y)Ix, — Xy
< M"Yx, — x, /(1 — M).

Since M < 1, the right-hand side tends to zero as r — oo and therefore so does
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the left-hand side. But this is the standard Cauchy condition for the convergence
of the sequence {x,} to a limit x,. Because (1.52) implies that F is continuous,
X, is a solution of (1.51).

To complete the proof it remains to show that there is no other root. Suppose
there were another root y,. Then

1Yo — Xol = |F(yo) — F(xo)l < M|yo — X,

from (1.52). On account of M < 1, the only possibility is y, = x, and the proof
is terminated.

The disadvantage of Theorem 1.8a is that it needs the Lipschitz condition
(1.52) to hold for all x and y. If we are prepared to assume that x, exists in
some interval we can lighten this restriction.

THEOREM 1.8b. Let x, = F(x,) and assume that (1.52) holds with M < 1 for
all x, y in the interval [x, — a, xo + a] for some a > 0. If xo —a<x, <Xxo+a
the iteration (1.50) has the properties
(i) xo —a < x,<xq+a,
(i) lim,_ , x, = X,
(i) 1%, 41 — xol < M"x; — x,|/(1 — M).

The result (i) ensures that all iterates stay within the given interval while (ii)
shows that the iteration converges to the root. An estimate of the distance of
an iterate from the root is supplied by (iii).

Proof. Assume firstly that, for some r, x, — a < x, < x, + a. Then

1%, 41 — Xol = |F(x,) — F(xo)| < M|x, — x,l (1.53)
from (1.52). Hence |x, . ; — xg| < a. Therefore, if the result is true for r it is true
for r + 1. Since |x; — x| < a, the validity of (i) follows by induction.

Inequality (1.53) implies that
[Xp+1 — Xol < M'lxq — x|
whence lim,_, , |x,,; — xo| = 0 and (ii) is proved.
Further
bez = ol = [FGey) = F(x2) + F(x2) = F(xo)l < Mlx; = x| + Mlx; — xq|

so that |x, — xo|l < M|x; — x,|/(1 = M). From (1.53) |x,4; — Xo| <
M""|x, — x,| and the proof of the theorem is finished.

THEOREM 1.8¢c. If F is continuous and differentiable on [x, — a, x, + a] where
Xo = F(x,), and |F'(x)| < M < 1 then Theorem 1.8b holds and
lim 217 X0 _ prx,).

r—oo x,. - xO
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Proof. We have already seen that the differentiability of F entails the
conditions of Theorem 1.8b so only the last part needs proof. Now

lim Xp+1 — Xo = lim F(xr) - F(XO) = F'(x

r—o x, - xo r— o x,. - xo

from the definition of a derivative and Theorem 1.8b (ii).

It should be remarked that Theorem 1.8¢ states that the iteration converges
if [F'| < 1 but this does not imply that the iteration diverges if |[F’| > 1. In fact,
we could permit F'(x,) = 1 without invalidating the theorem. More generally,
if x — F(x) >0 and F'(x) >0 for a + x4 = x > x, then a + x, = x, > x, has
the consequence

xr+1 = F(xr) < xr

while the mean value theorem
Xp41 — Xo = (xr - XO)FI(C,.),

with c, between x, and x,, shows that x, ., ; > x,. Therefore, if a + x, = x, > x,,
induction demonstrates that x, < x,,, <x, for all r. Thus the sequence
converges to a limit L > x,. By continuity, L = F(L) and so L = x,. Thus the
sequence converges to x,.

Similarly, the conditions F(x) — x > 0, F'(x) > 0 for x, —a < x < x, give a
sequence converging to x, if xo — a < x; < x,.

Newton’s method for finding x, so that f(x,) =0 may be derived in the
following manner. Let x, be an approximation to x,. Then

S(xo) = f(x,) + (xo — x)f'(x,) + 3(x0 — )21 "{x, + 0(xo — x,)} (1.54)
where 0 < 0 < 1. If x, is a good approximation to x,, X, — X, can be expected
to be small and then, if f” is not too large, the last term can be neglected, i.e.

J(xo) = f(x,) + (xo — X,)f"(x,).
This will make f(x,) zero if
Xo — X, = '—_f(xr)/f’(xr)'
In other words, if x, is an approximation to x,, x, — f(x,)/f'(x,) should be a

better one. Calling this new approximation x, . ; we have the iteration formula

_ ) (1.55)
S'(x)
Note that if x, converges we expect its limit to be a zero of f if f’ does not
vanish there. In fact, the iteration will converge to a multiple zero as will be

seen later.
Sometimes to simplify the computation f'(x,) is replaced by f'(x,) but we
shall consider only the form (1.55).

Xrr1 = Xy



36 ASPECTS OF NUMERICAL ANALYSIS
The eqn (1.55) has the structure of (1.50) if

F(x) = x — f()/f'(x).

Hence
F'(x) = fG)f"()/{ f'(x)}?

and Theorem 1.8¢ tells us that Newton’s method converges to a simple zero of
fif|ff"/f* <1 in a neighbourhood of the zero. Since f is small near zero,
the basic assertion is that the method will converge if x is close enough to the
Zero.

However, it must not be concluded that, if x, is closer to one zero than
another, the iteration will necessarily converge to the nearby zero. For example,
the iteration for

JG) = (x— Dx + 1)°

will converge to —1 if x, = 4 even though x, is closer to 1 than —1.
A modification of Newton’s method is Cauchy’s method in which @ is placed
equal to zero in (1.54). Then x, ,, is chosen as the root of

%(xr+l - xr)zf"(xr) + (xr+l - xr)f’(xr) + f(xr) =0

for which x,,, — x, has the smallest modulus. The obvious disadvantage of
Cauchy’s method is that it requires the calculation of two derivatives as well
as the solution of a quadratic equation.

An iteration scheme which is a generalization of the secant method is Muller’s
method. For this, three starting values, say x,, x,, and x5, are necessary. Then
one constructs a polynomial of degree 2 which has the values f(x,), f(x,), and
f(x3) at x,, x,, and x5 respectively. The polynomial has two zeros; choose the
one x, for which |x, — x,| is smallest. Then repeat the process starting with
X,, X3, and x4. The polynomial always possesses a root unless f(x,) = f(x,,,) =
f(x,+,) when it represents a straight line parallel to the x-axis. Hence, provided
that this situation is never met, the iteration can proceed.

The advantage of Muller’s method over Newton’s is that no computation of
a derivative has to be undertaken. Also Muller’s method offers the possibility
of finding complex roots, which are excluded by Newton’s method when f is
real.

To discuss the convergence of an iterative process we say that, if

lim 'xr+1 - xo' -
ro X, — Xol”

where b is finite and non-zero, the iterative method is of order p. If

X, — X
Sup!_r+l 0|=B

r=s 'xr - xOl
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we have
|xr+s+1 - x0| < ler+s - xOIP
<

1+ 2
B T Px, 45— 1 — Xol?
and, continuing in this, we obtain

1% 4541 = Xol < B|Xgsq — Xol”
where
c=1+p+p*+---+p L

Ifp=1,c¢c=rand
%4541 = Xol < B|xg41 — Xo (1.56)

whereas, if p# 1, c = (p"— 1)/(p — 1) and

1%, 4541 — Xol < {B'?~Dlx,y — Xol }7". (1.57)

Bi/tr—1)

It is evident that, if p = 1, convergence is relatively slow and only certain if
B < 1. On the other hand, if p > 1 and

IXg41 — Xl BYP~ D < 1

convergence will be very fast. Therefore iterative methods of higher order are
to be preferred from the point of view of speed of convergence.
A theorem on the order of an iterative procedure is

THEOREM 1.84. Let lim,_, , x, = x, where x,,, = F(x,) and F is continuous on
Xo—a< X< Xxy+a(a>0).

(i) If F'(x) exists on x, — a < x < Xy + a and F'(x,) # 0, the iterative method
is of order 1.

(ii) If F'(xy) =0 and F"(x) is continuous on x, — a < x < X + a, then the
iterative method is of order 2 if F"(x,) # 0.

Proof. As in Theorem 1.8¢

lim Xr+1 — Xo

r— o

= |F'(xo)|

X, — Xo

so that, when F'(x,) # 0, the method is of order 1.
In case (ii) lim,,, x, = x, implies that all x, from some r onwards will
certainly lie between x, — a and x, + a. For such r Taylor’s theorem gives

F(x,) = F(xo) + (x, — Xo)F (x0) + 3(x, — x0)*F"(c;)
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where ¢, is between x, and x,. Since F'(x,) = 0,

F(x,) = F(xo)

Xr+1 — Xo )
(xr - xO)z

= li
(xr - x0)2 -

r—+on

lim

r—+ o

= lim BF"(c,)|

r—o0
= [}F"(xo)|

because F"” is continuous and ¢, — X, since x, — x,. Since F"(x,) # 0 the proof
of the theorem is complete.

In Newton’s method F'(xg) =0 and F"(xq) = f"(x0)/f'(x,). Therefore, if
f"(xo) # 0, Newton’s method is of order 2 for a simple root provided that f"
is continuous on an interval including x,.

If x, is a g-fold root where f(xo)=f'(xo)=- - - = f 9" Y(x,) =0 but £¥(x,)#0,
Newton’s method may still be shown to converge when f@ is continuous in a
neighbourhood of x,. First, observe that

(%, = Xo)f "(x,) = fCxr).
f1(x)

Xppy — Xo =

By Taylor’s theorem
JCx) = (x, — x0)'f (¢,)/q!,
f106) = (x, = x)7 fO(E)/(g — 1)!
where both £, and &, lie between x, and x,. Hence
~ f“"(cl)}
af &)

As x, = xo, &; = xo and &, = x, so that, from the continuity of f@,

Xpp1 — Xo = (x, — xo){l

Xpr1 — Xo = (X, — xo)(1 — 1/q).

This demonstrates that the convergence is much slower than in the case of a
simple root and can be very slow indeed if q is large.

For a multiple root the convergence of Newton’s method can be improved
by adopting the formula

Xev1 =% — qf(x,)/f"(x,). (1.58)

Using the same technique as just above but taking one extra term in the Taylor
expansions we obtain

(% = x0)? S (xy)
g+l [Ox)

Xppy1 — Xo =
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so that the method is of order 2. However, one should be warned that if (1.58)
is employed near a simple root convergence may fail.

It can be demonstrated that the secant method is of order 1.62 approximately
and Muller’s method of order 1.84 approximately.

A standard scheme for accelerating the convergence of an iteration procedure
is Aitken’s 6*-method. In this method, starting from x,, we generate y,,, =
F(x,), ¥,+2 = F(y,+,) and then define

(yr+2 - yr+1)2
Vr+2 + X — 2yr+l

Xet1 = Ve42 —

Analysis reveals that this scheme is of order 2 if F'(x,) # 1 and neither F'(x,)
nor F"(x,) is zero. If F'(xy) = 1 the scheme is of order 1.

Exercises
28. Use the bisection method to solve

(i) 8x® —4x —5=0,

(ii) 2x = tan x,

correct to two decimal places.
2.0n0<x<} f(x)=4andoni<xg,

f(x) =6x — 1 — 6x2

Obtain the value of ¢, in the method of false position.
30. Solve 3sin x = 2 correct to three decimal places by the secant method.
31. Use Newton’s method to find /7 correct to 2 decimal places, starting from x, = 3.
32. Obtain by Newton’s method a root of
(i) x3 — 2x? — 5x + 10 = 0, starting from x, = 3,
(ii) x3 — 6x2 4+ 13x — 9 = 0, starting from x, = 2.
33. Find the root of 27x* + 18x — 25 = 0 between 0 and 1 using the iteration

X4y = %(25 - 18xr)l,3s
checking whether Theorem 1.8¢ is satisfied. Is the iteration

X,q = (15 —27x?)/18
better?
34. Examine the iterations
(l) Xptg = (xr? + C)/ba
(i) x,45 =b—(c/x,)
as possible schemes for determining the larger root of x> — bx + ¢ = 0 when b > 0,
b2 >c>0.
35. What happens when Newton’s method is applied to x? — 2x + 2 = 0?
36. Solve x3 = 3 by Cauchy’s method starting from x, = 3.
37. Find a root of sin x + 2 = x by Muller’s method starting with x, = —1, x, =0,
x3 = 1.
38. If F(x) = x + h(x)f(x) find h so that the iteration method is of order 2.
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39. To calculate \/a when a > 0 the following iteration is suggested:
x} + 3ax,

3x2 + a’

Xpyy =

Show that it is of order 3.

1.9 Systems of non-linear equations

The solution of simultaneous non-linear equations is complicated and we shall
be content to describe how Newton’s method can be generalized. Suppose the
values of x and y are required which simultaneously satisfy

f(xa y) =0, g(x’ y) =0.
By Taylor’s theorem, if we neglect second orders,
f(xr+ 19 Yr+1) = f(xn yr) + (xr+l - xr).f;c + (yr+1 - yr)f_.v’

g(x,H, yr+1) = g(x,, yr) + (xr+1 - xr)gx + (yr+1 - yr)gy

where f, denotes the partial derivative 0f/0x and all the partial derivatives are
evaluated at (x,, y,). If we hope that (x,,,, y,+ ) is close to a zero we want the
left-hand sides to be zero. This can be arranged by putting

Xpe1 =X, +(9f, — f9,)/7, (1.59)
Year =Y+ (f9x— gfI (1.60)
where J is the Jacobian defined by
J = fxgy - fygx

Eqns (1.59) and (1.60) constitute the generalization of Newton’s method to two
equations, all quantities on the right-hand side being calculated at (x,, y,).

MATRICES

1.10 Matrices

It is assumed that the reader has some acquaintance with the theory of matrices
so that the treatment here will be somewhat cursory (see, for example, Liebeck
(1969)). A general matrix consists of mn entries arranged in m rows and n
columns, giving an m x n array, to be denoted by a capital letter such as A4:

a1y Q12 " Qqp

azy Q33 77 Gy

1 Ama e Gpun
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The symbol a;; denotes the element in the ith row and jth column and often
we shall abbreviate the notation by writing 4 = (a;;).

The matrix is called square and of order n if m = n. If n = 1 so that the matrix
consists of a single column we shall call the matrix a column vector and signify
its special nature by using bold type, e.g.

a;
a
a=| |
am
The elements a;; fori = 1, 2,..., nin a square matrix are said to be the diagonal

elements.
The elementary rules of combination are:

A = B if and only if a;; = b;; all i, j
A + B = (aij + bl'j)’
oA = (oay;).

Multiplication of 4 and B is possible only if A has the same number of columns
as B has rows. If 4 is m x nand B is n x p then

n
AB = ( Y aikb,u)
k=1
the result being an m x p matrix. In general, two matrices do not commute, i.e.
AB # BA even if both are square.

The unit matrix I of order n is a square matrix all of whose elements are zero
except the diagonal ones which are unity. Thus Al = A.

The transpose of a m x n matrix A = (a;;) is the n x m matrix whose ijth
element is a;;. The symbol AT will be used to indicate the transpose. Note that
the transpose aT of a column matrix will be a row matrix, i.e. a matrix whose
elements lie in a single row. There is no difficulty in verifying that

(A+B)"=A" + BT, (A")"=4, (AB)"=BTA".
If Ais m x n and x is a column matrix with n elements Ax is a column matrix
whose ith element is

n
Y ay%;
ji=1

Observe that xTAT is a row matrix. If B is a n x m matrix such that BA =1
then B is called a left-inverse of A. Similarly, if C is n x m and AC = I then
C is called a right-inverse of A. Suppose A is square and has both a left-inverse
and a right-inverse then

B = BI = (B(AC) = (BA)C = IC = C.
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Thus there is only one left-inverse and only one right-inverse and both are
equal. This unique matrix is called the inverse of A and denoted by 4~ *. Clearly,

(A"H)"'=A, (AB)"'=B"14"!
but, in general, (4 + B)"'# A~ + B!,

A matrix is called symmetric if A = AT and anti-symmetric if A = — AT, A
matrix such that A~! = A7 is known as orthogonal.

From now on we shall be concerned primarily with square matrices A. It
will therefore be assumed that A is square and of order n unless otherwise is
specifically stated.

It is known that the equations

Ax =0

possess a solution with x # 0 if and only if det A = 0, where det signifies the
determinant of the matrix.
The quantities 4; such that
Ax; = Aix; (1.61)

has solutions x; # 0 are called the eigenvalues of A. The A; are solutions of
det(4 — AI) =0

and are therefore n in number, though some of them may be multiple roots.
Since the determinant of the transpose of a matrix is the same as the determinant
of the original matrix

det(AT — AI) = 0.
Consequently, there are y; # 0 such that
Aly; = Ay; (1.62)

Hence A and AT have the same eigenvalues.
Multiply (1.61) by y] and (1.62) by x] and subtract. Then

)',TAxi - xiTATYj = A'iy}xi - ijxiTy]w
The left-hand side vanishes and so
(4 — Aj)YJTxi =0.

If 2, A; then yIx; =0, ie. the eigenvectors of 4 and AT corresponding to
distinct eigenvalues are orthogonal.

Moreover, the eigenvectors corresponding to distinct eigenvalues of 4 are
linearly independent. Suppose, to the contrary, that s are linearly dependent and
that any smaller number are linearly independent. Then

Xy + o+ ox, =0 (1.63)
where all the «; are non-zero. On multiplying by A we obtain

(11/11)(1 R o aslsxs = 0.
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If 2, = 0, s — 1 vectors would be linearly dependent contrary to our hypothesis.
If 1, # 0 multiply (1.63) by 4, and subtract; then

052(112 - AI)XZ + R Ots()., - li)xs = 0.

Since A; — A, #0 for i =2,...,s this gives a linear relation between s — 1
vectors. Again, a contradiction occurs and the statement is proved.

One consequence is that, if A has n distinct eigenvalues, y7 x; # 0. For, if this
were not true, y; would be orthogonal to the n independent vectors x,,..., X,
which is impossible because y; # 0. It is therefore always possible to select y;
so that y7x; = 1.

Moreover, if A has n distinct eigenvalues, define X as the matrix with columns
X;, i.e.

X = (X, X5, ..., Xp).

Then, with y, picked so that yfx, = 1,

X t=

Ya

because of the orthogonal relations. Hence
X_ 114X' = X— 1(}.1)(1, A2X2, sy }."x")

= diag(4;) (1.64)

where diag is used to denote a diagonal matrix, i.c. a matrix whose non-diagonal
elements are all zero.

Two matrices A and B are said to be similar if there is a non-singular matrix
R (ie. detR # 0) such that B= R™!4R. Sometimes, A is said to have
undergone a similarity transformation. The eigenvaues of similar matrices are
the same because Ax = Ax can be written as

(R"'AR)R"'x = AR~ 'x

showing that R™x is an eigenvector of R"*A4R.

What has been demonstrated above is, if A has n distinct eigenvalues, that
A is similar to a diagonal matrix whose entries are the eigenvalues of A. If A
is also symmetric then y; = x; and X ™! = X7 so that, in this case, there is an
orthogonal similarity transformation converting 4 to diagonal form.

If A is symmetric with multiple eigenvalues it can be shown that there is still
an orthogonal similarity transformation which changes A to diag(4,). If,
however, A has multiple eigenvalues but is not symmetric the situation is more
complicated. What can be demonstrated is that there is a non-singular R such

that
R AR =J (1.65)
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where J is the Jordan canonical form of A and has the following structure: J is
a block-diagonal matrix

Iy

Je

J, = oy (1.66)

Ai

which is an upper triangular matrix since all the elements below the diagonal
are zero. The Jordan canonical form is the most compact to which a general
matrix can be reduced by a similarity transformation. The same eigenvalue may
occur in different J;, but the total number of times that a given eigenvalue
occurs in the diagonal of J is the same as the multiplicity of the eigenvalue.
The number of linearly independent eigenvectors of A is k, i.e. the number of
Jordan blocks in the canonical form. In particular, if J; is m; x m; and r; is the
ith column of R then ry,r,, 4 4,.. P 4. ..m_,+1 are the eigenvectors of 4.

If the elements of 4 are changed continuously, then det(4 — AI) varies
continuously and so the eigenvalues of A change continuously. In general,
however, the eigenvectors do not alter continuously.

If p(t) = ag + a,t + - - - + a,t™ is a polynomial in ¢, a corresponding matrix
polynomial p(A) can be defined by

p(A)=ay+aA+---+ a,A™

where, of course, 4" = AA"~!. Tt is immediate that any eigenvector of A is an
eigenvector of p(A) with eigenvalue p(4,). If 4 has an inverse the eigenvalues of
A~ are 1/4;.

If the elements of 4 are complex, the matrix A* is obtained by replacing each
element of A by its complex conjugate. Write A" = A*T. Then a matrix is said
to be unitary if A4 =1. It is called Hermitian if A® = A. Note that the
Hermitian matrices include the real symmetric matrices.

If A is the eigenvalue of a Hermitian matrix 4 so that Ax = Ax then

xH4x = IxHx. (1.67)
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Now (x"Ax)! = (xT4*x*)T = x"AHx = x"4x so that x"Ax is real. Since x"x
is real and non-zero it follows that A is real, i.e. the eigenvalues of a Hermitian
matrix are real. Furthermore, if x; and x; are two eigenvectors,
H — vH — H H __ H H __ H
AX;X; = X5 AX; = (X{ AX;)" = Ai(x;'x;)" = Ax; X,

from which we deduce that x}'x; = 0, i.e. the vectors are orthogonal, if 1; # 4,.
It can be shown that if A is Hermitian there is a unitary matrix U such that

UMAU = diag(d,). (1.68)

Moreover, the eigenvectors can be arranged to be mutually orthogonal
Consequently, any vector y can be expressed in the form

y= Z a;X;.
i=1
Hence

ylay = y* Z alx = Z Ailayl?
i=1 i=1

since x}'x; = 0 (i # j) and the magnitude may be made to satisfy x}{'x; = 1. Put
the eigenvalues in order so that A; < 1, < --- < 4,. Then

An Z ]ailz = yHAy = Z |ai|2-
i=1 i

i=1
In other words, for arbitrary y,
A yy > yAy > A yly (1.69)
when A is Hermitian and A,, 4, are the least and largest eigenvalues respectively

of A.
A Hermitian matrix is said to be positive definite if

xH4x >0
for every x # 0 and positive semi-definite if
xHAx >0
for every x # 0. A deduction from (1.67) is that a Hermitian matrix is positive
definite if, and only if, all its eigenvalues are positive. It is positive semi-definite
if and only if all its eigenvalues are non-negative.
A measure of the eigenvalues of a matrix is provided by the trace Tr A defined by
TrA =dayq +azz+"'+am,.
Obviously
Tr(kA) = k Tr A, (1.70)
Tr(A + B) = Tr A + Tr B. (1.71)
Also

THAB) = 3 Y auby = ,,g, ig byay = Tr(BA). (1.72)

i=1k=1
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A deduction from (1.72) is that
Tr(R"'AR) = Tr(ARR™ 1) = Tr A.

It therefore follows from the Jordan canonical form (1.65) and (1.66) that

TrA=A +4,+---+ 4, (1.73)
Exercises
40. Find the eigenvalues, eigenvectors, and Jordan canonical form of
-1 0 0
) b2 (ii) 1 0 1
( ( ii —
4 3
11 -2

41. If A and B are symmetric prove that AB is symmetric if and only if AB = BA.

42. Show that 4 and AT are similar.

43, If det A # 0 prove that AM4 is positive definite.

44. Prove that the eigenvalues of A™(A + ul)™* are A'(A; + p) ™' given p # — A, for
any i.

45. Prove that the eigenvalues of

1
1+ > cos 2t —2rgin2rt!

1
—~2"sin 27 +1 1————rcos2'+1

are 1 4 27". Deduce that the eigenvalues tend to 1 asr — co but that the eigenvectors
do not have a limit.

46. A is real positive semi-definite and R is an orthogonal matrix such that RTAR =
diag(4;). If B = diag(,/4;) and C = RBR" prove that C?> = A4 so that a square root
of A may be defined as A% = C.

47. Show that the Hermitian matrix A is positive semi-definite if and only if there is a
matrix B such that A = BBY.

48. Show that (i) Tr(4A") > 0, (ii) if A is anti-symmetric Tr A = 0.

1.11 Matrix norms

The modulus of a complex number gives an idea of its size and it is desirable
to have a single number which plays a similar role for matrices and vectors.
This quantity will be known as a norm (see also §1.5). We define the norm in
terms of its properties, and not by means of a specific formula. In this way it
is possible to define many different kinds of norm associated with a vector. In
fact, any formula for the norm ||x| of a vector x will be acceptable if it has the
properties

(a) x| >0ifx#0; x| =0onlyif x=0;

(b) |lax]| = |af|Ix|| for any complex number «;

© lIx +yll < lIxll + Iyl
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If x has elements x,, ..., x, standard norms are the I,-norms defined by
n i/p
Ixll, = (Z Ixil"> (1<p<oo).
i=1

The [ -norm is defined by

IXll, = max |x;]
1<i<n
and corresponds to the uniform norm we have already considered.
Norms can always be obtained from inner products as we have seen in §1.5
and we now take this opportunity to define an inner product formally. An inner
product (x, y) is required to satisfy

(@) (x,x)>0if x # 0; (x, x) =0 only if x = 0;
(®) (x, y) = (3, %)%
(©) (x+y,2) = (x,2) + (y; 2), (ax, y) = a(x, y).

An inner product supplies a norm via || x|| = (x, x)!/2 and the Schwarz inequality

1, < IxNyl
always holds.
The I,-norm is often known as the Euclidean norm since it stems from the
inner product x"y. Note that in inner product notation

x"'Ay = (x, Ay) = (4"x, y).

A matrix norm can also be introduced by asking that it has the
properties

(a) |4l >01if A #0; ||A|| =0 only if 4 = 0,
(b) |laA| = |a/||A]] for any complex number o;
(© 14+ Bl < |4l + IIBI;

(d) 14B| < [ANIB].

If | ||’ is @ matrix norm and || || is a vector form, the matrix and vector norms
are said to be compatible if

Ax]l < Al (1.74)
A matrix norm can be constructed from a vector norm by defining

Al = 'SUP Ax|; (1.75)
=1

such a matrix norm is said to be subordinate to the given vector norm. It is
obvious that the subordinate norm is compatible. From (1.75) can be seen by

putting A = I that any subordinate norm has the property ||I]| = 1.
From now on the only matrix norm which will be considered is the one



48 ASPECTS OF NUMERICAL ANALYSIS
specified by (1.75). Corresponding to the vector [,-norms we have

Al = max 3, layl, (1.76)

1<j<ni=1

IAll, = max Y |al, (1.77)

1<isa j=1

IAll, = /n (1.78)

where p is the largest eigenvalue of A"A. Sometimes | 4|, is known as the
spectral norm of A. From (1.76) and (1.77) |A]l, = | A" || -
To prove these results we remark that

n n n n
Z Z |“u”xj| < Z Ixj| Z laijl
j=1 i=1

i=1j=1

n
<m ax Z aul)”x"x-
1<j<ni=

This inequality shows that the norm certainly does not exceed the value given
in (1.76). Moreover, if

n

lAxly =

ij

Z": IaijI

is largest when j = k choose x; =0 (i £ k), = 1 (i = k) and then the value in
(1.76) is actually attained and so (1.76) is proved.
The proof for || 4}|,, is similar except that in the last stage, if

S fayl
j=1

is greatest for i = k, we choose x; = ay/lay| (a,; # 0), = 1 (a;; = 0) to achieve
the supremum.
For ||A|, we remark that || Ax|, = (x*4"Ax)"/? and the result follows from
(1.69).
If A is Hermitian, (1.78) implies that
Al = max |4,].

1<i<n
The spectral radius p(A) of a matrix is defined by
p(A) = max |4].

1<isn

Thus || A|l; = {p(A"A)}'/? which simplifies, if A4 is Hermitian, to || 4|, = p(A).
In general, if x is an eigenvector of A,

IAx|| = [IAx]| = Al {1
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which demonstrates via (1.75) that |1] < ||4], i.e.
p(A) < 14]] (1.79)

for any norm of A. However, if the norms are badly chosen the norm and
spectral radius need not be close; for example

(O 10)
0 0
but the spectral radius is zero. In contrast, it can be shown that there is always

some norm which is arbitrarily close to the spectral radius.
A useful theorem is:

=10

1

THEOREM 1.11. lim,_, , A" = 0 if and only if p(4) < 1.

Proof. 1t is evident from the Jordan canonical form that A" can approach
the zero matrix if and only if each of its eigenvalues tends to zero. But its
eigenvalues are A} which can vanish as r — oo if and only if [4;] < 1 and the
theorem is proved.

TueoREM 1.11a. If p(A) < 1 then (I — A)™ ! exists and

(I—A)!= lim i Al

m—c i=0

Proof. Since p(A) < 1, I — A has no zero eigenvalues and so possesses an

inverse. Also
J—AI+A+--+ A" Y =]— 4"
and so
I+ A+ -+ A" ' = -A)" =T - A) 14"

The result now follows from Theorem 1.11 by letting m — oo.

It will be remarked that a sufficient condition for the validity of Theorems
1.11 and 1.11a is that ||4]| < 1, on account of (1.79).
A matrix A is called strictly diagonal dominant if

ZI lal < layl i=1,...,n)

i=1
where the prime on Z means omit the term j = i. The importance of this concept
arises from:

THEOREM 1.11b. If A is strictly diagonal dominant then A~ ! exists.

Proof. Suppose there is x # 0 such that Ax = 0. Let x,, = max, ¢;<, |X:l-
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Then, from
n
Z apjxj =0,
j=1
we obtain

S'xml z |amj|
Jj#m

Y ;s
j#m

| ||Xim| =

which contradicts the condition of strict diagonal dominance.
We can now prove:

THEOREM 1.11¢ (GERSCHGORIN CIRCLE THEOREM). Every eigenvalue of A lies in
one of the complex domains

lz — ay| < Z' lagl (i=1,2,...,n).

Proof. Let A be any eigenvalue which does not lie in one of these domains.
Then

ll""'a”‘ > ZI Ia,j| (i= 1,...,”).
ji=1

Hence A — Al is strictly diagonal dominant and hence, by Theorem 1.11b, has
an inverse. But this is impossible because A is an eigenvalue and the theorem
is proved.

One consequence of Gerschgorin’s theorem is that

p(A) < min (max Y la;l; max |a,-j|).
i j i

Gerschgorin’s theorem and (1.69) provide rules for locating the positions of
eigenvalues. While they may not always be very precise they do at any rate
limit the possibilities.

A type of matrix often encountered with difference equations is a Stieltjes
matrix which is a real positive definite matrix with all its off-diagonal elements
non-positive.

Exercises

50. Prove that ||x||; < nlix||,, and ||x]l, < Jnllxllm.
51. If U is unitary prove that (i) | Ux||; = |x |12, (ii) [UAll; = | A, iii) |[UAU" |, = | A]|,.

0 a

8r2 a2 \1/2) 2
Al,=d| 1+ —<1 1+ — .
vt =a] 1+ 5o (14 55)

a 4
52. If ais real and A = < ) show that
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53. Prove that max|a;| < | 4|, < n max|ay|, the maximum being taken over all i and j.

54. Prove [|A13 < 4l 114 o
55. If a is real show that the spectral radius and spectral norm of

1 0 «
010
0 0 1

are equal only if a = 0.
56. Show that (i) [p{(4"A4)~'}1 ' <ILP <p(ARA), (i) Y0y P <{Y0=s Y0a layl2}12,
57. For the tridiagonal matrix

a b 00 0
¢c ab 0 0
0 c ab 0
0 c a b
0 0 ¢ a

show that
A; = a + 2(bc)"'? cos{jn/(n + 1)}.

Check that this satisfies Gerschgorin’s theorem.
58. In the tridiagonal matrix

a dy - 0
dl az te 0
dn—l
0 - d_, a,
d;=(b;c;)''? where b;c;>0, a;=|b;)|+|ci—4] (i=2,...,n—1), a;>|b,| and a,>|c,_ .

Prove that it is positive definite.

LINEAR EQUATIONS

1.12 Linear equations—direct methods

The solution of the system of linear equations Ax = b where A is non-singular
is simple in principle. In fact, the solution can be written as x = A~ 'b. When
A~1 can be calculated easily by analytical means this is often satisfactory.
However, for numerical work, it must be recognized that simple analytical
formulae for A~ ! usually involve the ratio of determinants and the computation
of determinants of order 4 or higher is a complex task. Therefore, if we are to
realize efficient numerical methods we must seek other ways of finding a solution.
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In practice, the systems of equations which arise are frequently of two types:

(i) The matrix A may be of moderate order, say n < 100, and dense, i.e. nearly
all its elements are non-zero;

(i) 4 may be of large order, say n > 1000, and sparse, i.e. it contains a large
number of zero elements.

The type of matrix is of prime importance in deciding on a method of solution.
For dense matrices, direct methods are appropriate and will be described in
this section. Sparse matrices should be treated by iterative techniques (see next
section) and it may be possible to economize in computer storage by retaining
only non-zero elements.

Perhaps the most popular direct method for the numerical solution of a
system of linear equations is Gaussian elimination. It has two parts—an elimination
or triangularization procedure and back substitution. Its principle is simple and
can be illustrated by the problem of finding the unknowns x,, x,, and x, in

Xy + Xy +4x3 =17,
X; — 2x; + 6x3 = 15,
2Xy + X, — X3 =1.

Subtract the first equation from the second; then subtract twice the first from
the third. There results

Xy + X, + 4X3 = 7,
—'3X2 + 2X3 = 8,
"“XZ - 9X3 = "'7.

The first equation, which was used to remove x, from the other two equations,
is known as the pivot equation and the coefficient of x, in it is called the pivot.
Now, we make the new second equation the pivot equation and use it to
eliminate x, from the third. Thus, by subtracting 4 of the second from the last,
we reach

X+ Xy +4x3=17,
—3x, + 2%, =8,
—29x,/3 = —29/3.

If these were written in matrix form, the matrix on the left would be upper
triangular which explains why the process is sometimes called triangularization.
Clearly, if we reversed our steps we should recover the original equations so
the two systems are equivalent.

The final step of back substitution is now undertaken. From the last equation
x5 = 1. Substituting this value in the second we obtain x, = —2. Then the first
equation gives x; = 5.

The method can obviously be generalized to a system of n equations in n
unknowns and is very easy to program. A simple count of the operations
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involved reveals that about 4n® multiplications and additions are required to
solve a system. By taking b as a unit vector and by employing the special
properties of unit vectors we find that the inverse of A can be found in n*® (and
not in* as might be expected) multiplications and additions. If m, multiplica-
tions are required for a determinant of order n and additions are ignored,
expansion in co-factors gives m, ., = (n + 1)m, whence m, is about nn! Thus
Gaussian elimination gives a dramatic improvement over Cramer’s rule. Even
if more sophisticated methods of evaluating determinants are adopted this
statement remains true (see, for example, Kunz (1957)).

It may happen that during the elimination the normal pivot is zero. In that
case two equations are interchanged so that the pivot is non-zero (there must
be at least one equation with non-zero pivot so long as A4 is non-singular) but,
if the pivot is non-zero but very small compared with other coefficients in its
column, numerical instability can arise. This is caused by the fact that computers
have a finite word length.

As an example suppose that the computer can store only three significant
digits in floating point and is working in the base of 10. Let the equations be
(Forsythe and Moler (1967))

1.00 x 10™%x, + 1.00x, = 1.00,
1.00x, + 1.00x, = 2.00.

Gaussian elimination, taking account of the limitation of word length,
supplies
1.00 x 10™*x, + 1.00x, = 1.00,

—1.00 x 10*x, = —1.00 x 10*,

From back substitution, x, = 1.00 and x; = 0.00 which is obviously incorrect.
By reversing the order of the original equations and performing Gaussian
elimination we obtain x, = 1.00 and x, = 1.00 which is acceptable.

The general rule therefore, in eliminating x, from some equations, is to select
as the pivot the coefficient of x, which has the largest magnitude; this is termed
partial pivoting. If, however, the element of largest magnitude in both rows and
columns is chosen as pivot the process is known as complete pivoting. According
to Wilkinson (1965) and Ralston and Wilf (1967) it is doubtful whether
complete pivoting warrants the additional complication and computer time.
Wilkinson also shows that partial pivoting is not necessary for numerical
stability even if it is sufficient, e.g. if A4 is a real symmetric positive definite matrix,
or if A is strictly diagonal dominant.

Although pivotal strategy can control the difficulty of large multipliers in
Gaussian elimination it still leaves open the possibility that the solution is very
sensitive to small changes in the coefficients, i.e. the system is ill-conditioned.
Suppose that A (which is non-singular) is perturbed to A + Band b to b + c.
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These perturbations cause a change in x, altering it to x + y (say). Then
(A+B)(x+y)=b+c.

A bound for y is provided by:

THEOREM 1.12. If |B||A™ || < 1 then

-1 iyl (lIC" llBﬂ)
<Cl4 + ||B d —— < Cx|-—+-—

where k = [|A|||[A™ || and C = |I|| + ||[A~'B]|/(1 — |A"'B]).

Proof. Since A4 is non-singular
(I+ A 'B)y = A" '(c — Bx).

From (1.79) and Theotem 1.11a, |4~ !B]|| < 1 implies that I + A" !B has an
inverse. Consequently,
y=U+A"'B)"'A" (e — Bx)
whence
Iyl < I+ A7B)~ A el + 1B Ix).

Because of the expansion in Theorem 1.11a,
I+ A" B) I < Ml + IAT'BI(1 = |A™'BI)™Y

also ||b]l < | 4]l x|l and the result stated in the theorem follows.

If x is small then small changes in b and 4 will produce only small changes
in |x|| and the equations can be regarded as well-conditioned. However, large
Kk does not necessarily mean that the system is ill-conditioned because only
upper bounds occur in Theorem 1.12. Nevertheless, we cannot improve those
bounds, when B = () at any rate, since examples are known (see, for example,
Forsythe and Moler (1967)) in which equality is achieved in Theorem 1.12.

We call k the condition number of the system. Its precise value depends upon
the choice of norm. If the spectral norm || |, is selected then, from (1.78),
= (1ty/u,)* where u, and p, are the largest and smallest eigenvalues of 4"4;
this « is sometimes described as the spectral condition number.

The condition number can be altered by scaling, i.e. by multiplying each
equation in Ax = b by some integer power of 10, in the decimal system, though
the same power need not be used for each row. If x is large, whatever scale
factors are employed, the equations are ill-conditioned. A small value of x
indicates a well-conditioned system. It is desirable to have available a systematic
technique for scaling that ensures that « is small as possible. Unfortunately, no
method is known which applies to arbitrary matrices and arbitrary norms. One
practical method is to attempt to arrange that n elements of A are of order
unity, no two of these elements being in the same row or column, all other



LINEAR EQUATIONS 55

elements of A4 being less than unity in magnitude. Round-off error may be
reduced by using the power of the machine number base closest to the largest
element.

It should be remarked that det 4 not being large does not necessarily signify
ill-conditioning. Examples are available in which det A is small and |y} ,/||x|l, =
llcll2/libll,- If, by scaling, it is arranged that ||A||, = 1 then k = 1/u}/> and the
spectral condition number is large if and only if u, is small. Let det A — 0; then
1, = 0 provided that u, is fixed. In other words, if A is normalized so as to
keep p, fixed then det A is closely related to the condition of 4. But, in general,
the largeness of the condition number is more significant than the smallness of
det A as a criterion for determining ill-conditioning,.

Gaussian elimination is applicable to complex equations if the computer has
a facility for complex arithmetic. Otherwise the equations must be separated
into their real and imaginary parts and the resulting real equations solved.

There are other inversion algorithms. A popular one is triangular decomposi-
tion in which the aim is to write 4 in the form

A=LU (1.80)

where L is a lower triangular matrix (i.e. all elements above the diagonal are
zero) and U is an upper triangular matrix. If this can be done in such a way
that L and U are non-singular then, by putting Ux =y, we have to solve the
two systems

Ly =b,

Ux =y.

Since both systems are triangular the first can be solved for y by back
substitution and then x can be determined from the second by back substitution.
The effort involved in the back substitution is substantially less than that in
the triangular decomposition.

Conditions which permit (1.80) are contained in:

THEOREM 1.12a. Let A, be the matrix formed by the first k rows and columns of
A IfA,, A, ..., A,_,, A are all non-singular A = LU and the decomposition is
unique if the diagonal elements of either L or U are specified.

Proof. Only the situation in which all the diagonal elements of L are chosen
to be unity will be considered, the general case being left to the reader.
With

1 0 --- 0 Uy, Uiy 0 U,
I ’21 1 e 0 , U= 0 Uy, Uy,
lnl lnz 1 0 0 Upy



56 ASPECTS OF NUMERICAL ANALYSIS

we require that

Uy, Uys Uz

Laugg Dy, +uy, Lyiugs + tzs

Lyzuyy Dygugy +laausy  lygus + lypuys + usy

To get the first row of A right we need

u;=ay(j=1,...,n).

The first column of A will be given correctly if
li1=a,-1/u“ (f=1,...,71)

which is possible since u;, = a;, # 0 by assumption. Now the second row of
A is obtained by taking

ll2j=a2j—“121u1j (j=2,...,n)

and then the second column may be realized by

liy = (@i — Liyuy5)/us, i=2,...,n).

The last formula is legitimate provided that u,, # 0, i.e. a,, — a,,a,,/a;; #0
which is true since det A, # 0. Proceeding in this way, a row and a column at
a time, we construct L and U and the construction obviously leads to unique
elements.

Remark that, since A4 is non-singular, neither L nor U can be singular,

If A is real, symmetric, and positive definite we can show by the same
procedure that there is a real lower triangular matrix L such that

A=LL".

This is known as Cholesky decomposition. The algorithm, in this case, is highly
stable. If A is Hermitian positive definite then 4 = LLM where the diagonal
elements of L are positive.

Finally, we observe that it is sometimes possible to improve the accuracy of
a computed solution to a system of linear equations by iteration. If x'¥ is the
first approximation, calculate the residual

r) =b — Ax®M

as accurately as possible. Then solve the system Ay = ‘") and take x® =
xV +y. Clearly this is the first stage of an iterative procedure which, under
suitable circumstances, will lead to more accurate numerical values.
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Exercises
59. Is the system with

10°% 01 -2x107*
A= 0.2 1.0 0.1
-107* 0.2 —-107¢

badly scaled?
60. Find the triangular decomposition of

2 2 4
4 -2 2
2 4 0

61. Suppose there are two triangular decompositions
A bl Ll Ul = Lz U2

with L; and L, having units on the diagonal. If A is non-singular prove, without
using Theorem 1.12a, that U, and U, are not singular. Deduce from Ly !L, = U, U3}
that the decomposition is, in fact, unique.

1.13 Iterative methods

Iterative methods, which are appropriate for large sparse matrices, are based

upon the idea of starting with an initial guess x'? to the solution of Ax = b

and then deriving a sequence x'), x?, .. . which converges to the exact solution.
All of the methods are based on rewriting A in the form

A=L+D+U

where D is a diagonal matrix with diagonal elements the same as those of A,
L is lower triangular with zeros on the diagonal, and U is upper triangular
with zeros on the diagonal. For instance, if we express Ax = b as

Dx=b—-(L+ U)x
this suggests the iterative scheme
x"*Y = p~th — D"YL + U)x"

which is known as the Jacobi method. A necessary condition for the application
of this method is that all the diagonal elements of 4 are non-zero. Alternatively,

the form
(L+D)x=>b—Ux

suggests the iteration

x*+D = (L + D)"'b — (L + D)~ 1Ux®
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which is the Gauss—Seidel method. Again, by introducing the non-zero scalar
parameter w and writing

D+ oLl)x = {—wU + (1 — w)D}x + wbh,
we derive the procedure
X"V = (D + oL) " H{~oU + (1 — 0)D}x” + (D + wL) 'wh.

This is the method of successive over-relaxation (SOR). It reduces to the
Gauss—Seidel method if v = 1.

Of course, one does not in practice calculate the inverse matrices on the
right-hand sides in the iterative schemes but, instead, solves the linear system
which arises before the application of the inverse matrix. One advantage is
evident in that zero elements of the matrix need not be stored and successive
vectors can be overwritten on their predecessors so that considerable economy
of computer storage can be achieved.

The iterations are all examples of taking an equation

x=Bx+c¢
and replacing it by
x"*D = Bx™ + c.
Let e = x™ — x be the error at a particular stage. Then, by subtraction, we
see that e"*1) = Be™ whence
e = B'e?,

Now x® converges to x if and only if e approaches zero which can happen
for every choice of e!? if and only if B" — 0. From Theorem 1.11 we deduce:

THEOREM 1.13. The iterative scheme converges to the correct solution if and only
if p(B) < 1.

Thus the convergence of the three schemes turns upon the spectral radii of
the relevant matrices, i.e. of D™!(L + U), (L + D) "'U and £, = (D + wL)" ! x
{—oU + (1 —w)D}. The smaller the spectral radius the more rapid the
convergence. One aim of successive overrelaxation is to choose w so that the
spectral radius of ., is as small as possible. However, we are limited in our
choice by:

THEOREM 1.13a. If p(%,) <1 then 0 < w < 2.

Proof. If A is an eigenvalue of %, det(%,, — AI) = 0. Now, in the polynomial
equation for 4 which results, the coefficient of A" is + 1 and the constant term
is det .%, which, from the structure of D, L, and U, is (det D)~ }(1 — w)" det D.
Thus the product of the roots of the characteristic equation is + (1 — w)". Hence,
at least one of the eigenvalues must have a modulus as great as |1 — w)|. Since
p(%,) < 1 this implies that |1 — w| < 1 and the theorem is proved.
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As a consequence of Theorem 1.13a there is no point in considering values
of w outside the interval (0, 2) and, in practice, it is normal to choose w so that
1 < w < 2. In general, the determination of the optimal value of w is extremely
complicated (see, for example, Mitchell (1969)).

It can be shown that the Gauss-Seidel method converges if 4 is a real
positive definite matrix, though the Jacobi method may not, and other
conditions for convergence are known (see, for example, Varga (1962)). In
general the convergence of the Gauss—Seidel method is faster than that of the
Jacobi method and SOR is usually appreciably better than either (see subsequent
exercises).

Another iterative scheme which is often employed is the Peaceman-Rachford
method. In this method we write A = A, + A, + A; where 4,, A,, and 4, have
certain properties which will not be elaborated here. An intermediate iteration
is inserted so that x™ — y® — x*1) by the process

(A; + @A, + 0, 1)y =b — {45 + (1 — w,)A4; — w,I}x",
(A3 + (’)3/42 + (1)41))(("“) = b _ {Al + (1 - (03)/42 - w4l}y(').

The analysis of this scheme is highly complex but it does seem to be a profitable
method in connection with difference equations (see, for example, Mitchell

(1969)).
Particular methods for sparse matrices have been the subject of considerable

research in recent years (see, for example, Duff (1976)).

Exercises
62. Find the spectral radii of the Jacobi and Gauss-Seidel methods for

— N

1
a=| -3
0

I
— N O

and show that both methods converge.
63. If A is symmetric show that an eigenvalue A and the associated eigenvector u
(possibly complex) of the Gauss—Seidel method satisfy

{(u, Du) + (u, Lu)}A = (u, LTu) = (u, Lu)*.

By forming |4|2 deduce that, if 4 is a real positive definite matrix, [4] < | and that
the Gauss—Seidel method converges.

64. Let A be a tridiagonal matrix. Let 4, u be an eigenvalue and associated eigenvector
of the matrix of the Jacobi method so (L + U)u = ADu. By applying (L + U)D ™!
show that 1 is a diagonal element of (UD™'L + LD~ 'U)D~ 1.

If u is an eigenvalue of the SOR method use this procedure to demonstrate that

(1 —w— p)? = w?ul?.
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Deduce that the Jacobi and Gauss—Seidel methods either both converge or both
diverge for a tridiagonal matrix and that the convergence of the Gauss—Seidel is faster.

If all A are real and A,(<1) is the largest show that the optimal choice for w is
2{1 + (1 — 432}~ ! and determine the corresponding value of p,. If, say, 1, = 0.995
then pu, ~ 0.8 and the convergence of SOR is much more rapid than that of
Gauss—Seidel.

1.14 Matrix eigenvalues

The matrix eigenvalue problem occurs in many applications and is concerned
with solving

(A—Ax =0,

i.e. with determining the eigenvalues A and associated eigenvectors x of 4. The
eigenvalues must satisfy det(4 — AI) = 0 and it is tempting to try expanding
this as a polynomial in A, whose roots can be found by one of the methods of
§1.8. Apart from the difficulty of calculating the coefficients there is a classic
example due to Wilkinson (1965) which demonstrates why this should not be
done. The polynomial

(x = 1)(x—=2)...(x — 20) — 2" 23x1®

is a slight perturbation from a polynomial with zeros at 1, 2,..., 20. But only
ten of its zeros are real and two of the complex ones have imaginary parts of
about 2.8 in magnitude. Since round-off error can easily introduce perturbations
in the coefficients of a polynomial the characteristic polynomial is never used
for the computation of eigenvalues. Indeed, it may be wiser to calculate the
zeros of a polynomial by solving an associated eigenvalue problem.

To begin with we discuss an iterative scheme known as the power method.

THEOREM 1.14. Let A have n linearly independent eigenvectors x; and the
corresponding eigenvalues A; satisfy

121] > 12, 2 143 2 - - - 2 [4,].
Then the sequence u, ., = Aun, is such that

lim (ur+1)j/(ur)] = '11

r—o

where (u,); denotes the jth element of u,.

Proof. Since the x; are linearly independent, there are constants a; such that

Uy = 01Xy + 03Xy + -+ + o, X,,.
Hence
u, = A"ay = o, Aixy + -+ aAx,
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and

&*1)1 =] oy (X1); + 0p(Ap/Ay) 1 (xg) ;4 - -
W), e, /A,

By hypothesis, (4;/A)" >0 as r— oo if i#1 and the theorem is
proved.

Strictly, the proof of the theorem requires that «, # 0, otherwise A, is
obtained as the limit rather than A,. However, round-off error is almost certain
to introduce a small component of x, and the effect of this will be to direct the
convergence towards 4,.

It is also common to normalize the iteration by putting v, , = Au, and then
defining w,.; =V,,{/|v,+1ll»- The effect of this is that ||v,|| = A, as r - o0.
Furthermore, u, - x,/||x, |, so that the associated eigenvector is supplied at
the same time.

The iteration fails if there are a number of unequal eigenvalues of the same
modulus. There are ways of overcoming this difficulty but details will not be
given here. (See, for example, Gourlay and Watson (1973).)

Aitken’s method (§1.8) can be employed to accelerate convergence. Another
technique is to work with 4 — gI instead of 4. The eigenvalues of the new
matrix are 4, — ¢ and, provided that A, — g is still dominant, it may be possible
to choose g so that (A, — q)/(4; — ¢)| is much smaller than |A,/4,|.

Another iterative plan is that of inverse iteration. In this procedure we form
W, = (A —ql)"'w,; actually we determine w,,, by solving the linear
system

(A - ql)wr+1 =W,

By Theorem 1.14 inverse iteration provides an eigenvalue of (4 — qI)™!, ie.
one of 1/(A; — q). With the normalization described above the associated
eigenvector is also obtained.

Inverse iteration is capable, by judicious choice of g, of finding any eigenvalue
or eigenvector of A. It also has a fast rate of convergence. It is one of the most
powerful and accurate methods available.

While the above methods compute a single eigenvalue at a time there are
others which aim for the complete eigensystem right from the beginning, usually
at the price of requiring 4 to be symmetric or Hermitian.

Let e;; denote the (i,j) element of the unit matrix. A plane rotation matrix
R;;is a matrix derived from the unit matrix by replacing four elements according
to the following scheme

(e,-i eij) (cos 0 —sin 0)
—
e; e sinf cosf
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so that
1 0 0 0
0 -+ c¢cos@ -+ —sin@ --- 0
Rij~
0O -+ sin@ --- cos@ --- 0
0 “ e 0 .. 0 . 1

The nomenclature stems from the fact that the replacement represents a rotation
of two-dimensional axes through an angle 6.

It is immediate that R;; is orthogonal, i.e. RUREJZ I

Let A be a real symmetric matrix and then put

B=RJAR,.
The elements of B are the same as those of 4 except for
by = by = ay cos 0 + ay sin 0, k#i,j
bj = byj = —ay sin 0 + ay cos 0, k#i,j
b; = a; cos? 0 + 2ay;sin 0 cos 0 + a;;sin’ 0,
b;; = b;; = a;; cos 20 + 3(a;; — ay;) sin 26,
b;; = ay; sin® 0 — 2a;;sin 0 cos 6 + a;; cos* 6.
We now choose 6 so that b;; = 0.If a;; # a;; we take 6 so that —4n < 0 < 4w and
tan 20 = 2a;;/(a;; — a;).

If a;; = a; and a;; # 0 we select 6 = n(a;;/la;;|); if a;; = 0 no choice is necessary.

So far i and j are at our disposal. They are determined by searching the
elements of A above the diagonal and finding the element g;; of maximum
modulus. Having fixed 6 the resulting matrix B is denoted by A,. The largest
off-diagonal element of A4, is now reduced to zero by the same procedure of
applying a plane rotation matrix. Denoting the new matrix by 4, we note that
the (i,j) element which was reduced to zero in A, is no longer zero in 4,.
However, it can be shown that if the procedure is repeated indefinitely, the
limit of the sequence 4, is a diagonal matrix with the eigenvalues of 4 on its
diagonal.

This algorithm, which is known as the Jacobi method, is easy to program but
it is not very efficient. For small matrices which can be held entirely in the fast
store it may be appropriate because it is very reliable.

Elements annihilated by a plane rotation in the Jacobi method may be
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recreated at later stages. An algorithm to overcome this is provided by the
Givens method. Instead of choosing € so that b;; = 0, pick some k # i and ask
that b,; = 0, i.e. select

tan 0 = ajk/aik.

Suppose, in fact, 4, = RTAR, where R, is the plane rotation which annihilates
a3 (say, i =2, j=3, k =1). Next form 4, = R}4,R, where R, reduces the
(1, 4) element of A4, to zero with i =2, j =4, k = 1; the (1, 3) element which
is zero in A, remains zero in 4,. By repeating the process we can make (n — 2)
elements in the first row zero; by starting from (2, 4) we can operate on the
second row without affecting the first. In this way a real symmetric can be
transformed by tridiagonal form by plane rotations.

Denote the tridiagonal matrix by B and let b;; = b;, b; ;41 = b,y ; = ¢;. Let
p.(4) be the determinant formed by the first r rows and colums of B — AI and
define po(4) = 1. Then, it may easily be established that

po(A) =1,p;(A) =b, — 4,
A = (b, — Dp,-1(A) — c}_yp—2(A)  (r=23,...,n).

The zeros of p,_ () lie between those of p,(1). Also, define the sequence s5,(1)
by s,(1) =s,_;(4) + 1 if p,(4) is zero or has the same sign as p,_,(A) and by
s(A) = s,_ (1) otherwise. Starting from s,(1) = 0, we generate s,(4) as either
zero or a positive integer. Define s(1) = s,(4), then the Sturm sequence property
states that s(A) is equal to the number of eigenvalues of B which are strictly
greater than /; in fact, this property holds if B is symmetric instead of being
tridiagonal.

The Sturm sequence property permits the location of an interval (1", 1)
in which only one eigenvalue 1 lies, i.e. for some m < n, s(AL) = m, s(A) =
m + 1. Let u® = (A2 + 1) then s(u'®?) is either m or m + 1 and a smaller
interval for A has been determined. This is akin to the method of bisection (§1.8)
and is very efficient for finding the eigenvalues in a particular interval.

Once the eigenvalues have been calculated it is tempting to find the
eigenvectors by solving (B — 1,1)x = 0 by omitting the last equation of the
system and solving the first (n — 1) for x,,..., x,_ in terms of an arbitrary
x,. In general, this is catastrophically unstable and should never be undertaken.
The preferred method is inverse iteration.

Another technique for the reduction of a real symmetric A to tridiagonal
form is the Givens—Householder method. Here, one considers matrices of the type

P=1-—2ww"

where the vector w satisfies ||w]] = 1 but is otherwise at our disposal. Observe
firstly that P is symmetric. Also

PPT = | — 4ww" + 4ww wwT = |

so that P is, in fact, orthogonal.
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If u and v are real vectors such that |juj| = |v|| put
w=(v—u)/llv—ul.
Then
lv —u||?2 = (v,v) — (v, u) — (0, ¥) + (u, u) = 2(u — v, u)
and

Pu =v.

Thus, with this choice of w, P converts to a real vector u into another one v
of the same length.

In particular, let a, be the first column of A. Let b, be a vector with element
by, in the first row and zero elsewhere. Take

by = —ayllall/lay,l

and then ||b, || = |la, || so that we may place u = a,, v = b, above. Consequently,
PA is a matrix whose first column is zeros except the diagonal element which
is by,. An arbitrary m x n matrix can be transformed by this approach to the
form QU where Q is orthogonal and U upper triangular.

For our particular purposes the transformation is not quite suitable since we
want PTAP, rather than PA, to be simpler than A. However, it indicates the
direction in which to go. When 4 is real and symmetric partition it according to

( l>
a A
( )
M——
0 P

where P is an (n — 1) x (n — 1) matrix of Givens-Householder type. Then
a,; aoP
MTAM =
P'a PTA,P

so that, if we choose P so that the last n — 2 elements of PTa are zero, the
matrix MTAM will have n — 2 zeros on its first row and column. We remark
that

and introduce

M=1-20n"

0 .
where @ = < ) and w is an (n — 1) vector. This suggests that for the next step
w

we try M, = I — 2o, ®] where

]
o

(001

Wy
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and w, is an (n — 2) vector. There is no difficulty in checking that MTMTAMM,
has the same zeros as MTAM in the first row and column and we can choose
w, so that there are n — 3 additional zeros in the second row and column. It
is now obvious how we may create a tridiagonal matrix from a real symmetric
A by the Givens—Householder process.

The Givens-Householder method requires $n® multiplications as compared
with 4n? for the Givens. It is therefore more efficient and generally regarded as
one of the best methods for finding the eigenvalues of a Hermitian matrix
though the Givens method is sometimes valuable for sparse matrices. For
non-symmetric matrices where the two methods reduce A to the more
complicated Hessenberg form (which is the same as a tridiagonal matrix below
the diagonal but may have non-zero elements anywhere above the diagonal)
the situation is less clear.

In the symmetric case both methods lead to a tridiagonal matrix and we
have already described one way of dealing with eigenvalue problems by Sturm
sequences. Another technique is based on triangular decomposition. Suppose

AI = LlUl

where L, is lower triangular with units on the diagonal and U, is upper
triangular (cf. Theorem 1.12a). Let A, = U,L,. Then A, = L{'A,L, and is
similar to A,. This suggests the iteration: given A,, write it as 4, = L, U, and
then form A,,, = U,L,. This is known as the LR algorithm (LR because
Rutishauser, who introduced it, called the decomposition left, right instead of
lower, upper). It is subject to many shortcomings but its introduction led to the
OR algorithm, one of the most powerful devices for the matrix eigenvalue problem.

The QR algorithm is based on the fact that, for any non-singular A, there is
a decomposition

A=QU

in which Q is unitary and U is upper triangular. Moreover the decomposition
is unique if we impose the condition that the diagonal elements of U are positive.
The iteration is now performed as: write A; = Q,U, and then define A,,, = U,Q,.
Since A,,, = QMA,Q,, A, is unitarily similar to A, and therefore to A.

In the QR algorithm the tridiagonal property is preserved, ie. if A is
tridiagonal so are its iterates. In spite of the power of the algorithm it has been
suggested that a matrix should be reduced to Hessenberg or tridiagonal form
before the algorithm is applied. (See, for example, Ralston and Wilf (1967).)

Exercises
65. Use the power method to find the largest eigenvalue of
6 2 1 0 11
@lz2 3 1], ®]|-1 0 1

1 11 -1 -1 0
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66. Use inverse iteration to find the eigenvalues of the matrix in 65(a).
4 00

67. Find the eigenvectors of | 0 3 1
013

68. Use the Givens and Givens—-Householder methods to reduce to tridiagonal form

ro2 12
4 4 2
2 2 —1 1
@4 4 1], @®
1 -1 11
21 8

2 1 11

69. Show how P =1 —2ww" may be used to transform a Hermitian matrix to
tridiagonal form.

-2 1 0 0
1 =2 1 0
70. Show that 0 L s | has two eigenvalues in (—2, 0) and is, in fact,
1 0 1 -2
negative definite.
1 20
71. Find the eigenvalues of { 2 —1 1| by Sturm sequences.

0 1 3
72. In the QR algorithm prove that

A} =0,0,...0,U;... Up.

GENERALIZED INVERSE

1.15 The generalized inverse

It is not uncommon in applications to encounter the problem of solving the
system

Ax =b (1.81)

where A is not square but m x n. For example, in making observations it may
be that we have data from less points than we have unknowns so that m < n,
or we may have more data points than unknowns in which case m > n. In the
former case the linear system possesses an infinite number of solutions while,
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in the latter, the system may strictly have no solution because the equations
are inconsistent with one another. Yet it may be important for the application
to identify a single entity which one is prepared to accept as ‘the solution’ of
the system.

One method which suggests itself is that of least squares. There are at least
two ways in which this could be applied. We could consider minimizing the
sum of the squares of the residual r'r where r = b — Ax or we might try
minimizing x"x. Let us deal with residuals first.

The rank of a matrix is the order of the largest non-singular submatrix in
the matrix. It is not difficult to confirm that, when A is real, A and A4 have
the same rank. With that notion we can formulate

THEOREM 1.15. Ifreal A is m x n with m > n and of rank n, the solution of (1.81)
which minimizes x™r is given by
x = (ATA)"1Ab.
Proof. Since ATAis n x n and of rank n, it is non-singular and so the formula
makes sense. Also
r'r =b™ — x"4Tb — bTAx + x"TATAx
so that 8(rTr)/0x; =0 fori=1,...,n leads to
ATAx = A™b (1.82)
and the theorem is proved.
For the case m < n we have
THEOREM 1.15a. If real A is m x n with m < n and of rank m, the solution of
(1.81) which minimizes x"x is given by
x = AT(AAT) " 'b.
Proof. The formula makes sense because AAT is m x m of rank m and

therefore non-singular. The minimum of x"x subject to Ax = b is found by
Lagrange multipliers, i.e. by minimizing

S = x"™x + AT(b — Ax)

where A is a column vector with m elements. From 0§/0x; =0,i=1,...,n we
obtain x = A"\ and from 8S/04;=0,j=1,...,n we have Ax = b. Hence

AAT™ = Ax =)

which can be solved for A and the theorem follows.

It is desirable to relax the conditions on rank in Theorems 1.15 and 1.15a
and find a single formula which encompasses all possibilities. To this end we
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examine whether there is a matrix A% such that x = A*b. In the case of
Theorem 1.15 we have

At = (ATA) AT
and we remark that

A+AA+ =(ATA)—1ATA(ATA)—1AT= (ATA)—lAT= A+.

Similarly AA*A = A. Also AA* and A" A are symmetric. Now, for Theorem
1.15a, A" = AT(AAT)"! and a check reveals that it has the same three
properties. This prompts:

DEFINITION. A matrix A with the properties (i) ATAA* = A%, (i) AA* 4 = A,
(iii) AA* amd A" A are symmetric, is called the generalized inverse of A. If A is
complex replace symmetric in (iii) by Hermitian.

It has already been verified that the inverses of Theorems 1.15 and 1.15a
comply with this definition. If 4 is square and non-singular, the inverse 4!
obviously satisfies it. Moreover, we can show that A possesses only one
generalized inverse so that A" = 47! when 47! exists.

Suppose, in fact, that real A had a second generalized inverse B*. Then, from
property (ii)

ATA=AYAB* A,

and then property (iii) implies that
A*A=B*AA*A=B*A

whence B* = A*AB". Similarly, A4* = AB* from which A* = A*AB* and
hence A* = B* so that the generalized inverse is unique.

By taking the transpose of the quantities in the definition we deduce that
(A*)T = (A™)* so that, if 4 is symmetric so is A*. Obviously, (4*¥)* = 4 and
A* has the same rank as A.

To obtain an explicit formula for A" it is convenient to derive first some
properties of complex m x n matrices. If i is a non-zero number and there are
vectors u, v such that

Au=pv, A% =pu

then u is known as a singular value of A and u, v as the corresponding pair of
singular vectors.
Now
A Au = uAly = pu.

Since AMA is positive semi-definite the values of u? are real and non-negative.
Also A" A, which is of order n x n, possesses n linearly independent eigenvectors
u,,...,u, which can be arranged to be orthonormal. If the rank of A4 is k so
is the rank of A"A and precisely k of the values of u? are non-zero. Pick the
order of the eigenvectors so that uy,u,,...,u, correspond to the non-zero
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eigenvalues u?, ..., u2. Note thatu, . ,, . .., u, can be chosen to satisfy Au; = 0.
Define v, for i = 1,..., k by v; = Au,/p; with y; the positive square root of
u?. Then
AAty; = AA" Awfp; = pAw; = pdv;

so that v; is an eigenvector of AA" and, since A%, = pu,, py, ...,y are the
positive singular values of 4 and u,, v, the corresponding singular vectors.
The vectors v, are orthonormal because

Bt (v, v;) = (Au;, Au;) = (u;, AHA“j) = sz(“.', u;).

The set may be completed by adding on m — k orthogonal vectors satisfying
AMy = 0; they are automatically eigenvectors of AAM corresponding to the
eigenvalue zero.

Define the n x n matrix U and the m x m matrix V by

U=®ug,...,u,), V=(,...,v,).

Then we have

THEOREM 1.15b. If A is of rank k there are unitary matrices U and V such that

A0
VHAU =< )
0 0

where A is a diagonal matrix of order k whose diagonal elements are the singular
values of A.

Proof. By construction UHU is the n x n unit matrix so that U is unitary.
Similarly V is unitary. Also

AU = (141V4 - . o ¥4, 0,..., 0)

and the theorem follows from the orthonormal property of the v;.

Since the diagonal elements of A are non-zero, A~ ! exists. This fact enables
us to state

THEOREM 1.15c. If A is of rank k, its generalized inverse is given by

A"t 0
At =U |48
0 0

A"t O\/A O\/A™' 0
AYAAT =U yH
0 0/\0 0/\ 0 O

from Theorem 1.15b. Property (i) of the Definition follows at once. Further,

Proof.
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since U and V are unitary

so that

which show that property (iii) is satisfied. Finally,
A0
AA*AzV( )U“:A
0 0
and the proof is complete.

Remark now that
ABAAT = AH

so that x = 4*b satisfies (1.82) with the affix T replaced by H. Moreover, in
the analogue of Theorem 1.15a, we need a solution of AA"A = b. But 44" is
Hermitian and so has the structure of Theorem 1.15b with ¥V = U whence
(AAM*Y = (A")* 4™, Therefore x = A%(A")* A*b = A*b. Therefore, we have
proved

THEOREM 1.15d. If A is a complex m x n matrix of rank k the vector x which
minimizes (a) (b — Ax,b — Ax) and (b) (x,x) subject to Ax =b is given by
x = A*b where A" is specified in Theorem 1.15c.

It is sometimes possible to derive formulae for A* which do not involve
finding U and V (see exercises). In practice, the system (1.82) may be
ill-conditioned and, indeed, worse than the original system. For consider the
case when A is square. Then, if Ax = b is ill-conditioned, det A4 is likely to be
small and det(ATA) = (det A)? will be much smaller again. There are similar
arguments if A is not square. For this reason, when A is real, advantage is
sometimes taken of the result derived in the previous section that 4 = QU,
where Q is orthogonal and U, upper triangular to solve instead

le = QTb.

The condition of the system may then be considerably improved.
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Exercises

73.

74.

75.

76.

77.

78.

79.
80.

If u and v are non-zero real vectors prove that (u* = (u™w) ™", (i) A* = A7/
(v'v)(u"u) where 4 = uvT,
If A = BC where Bism x k, Cis k x nand all three matrices are of rank k prove that

At =CT(CC")y"YB™B)"'BT.
Give an example in which (4B)* # B*A*.
-1 1
Calculate the singular values of 1 -1
-2 2

If Ax = b is a consistent system prove that

K
X = ‘Z,l (v, b/, + Z oy

i=k+1
in the notation of this section, the a; being arbitrary constants.
If A is Hermitian with eigenvalues 4, and orthonormal eigenvectors x; show that

A=Y Jxxi.
i=1

Prove from (1.83) that A* = (4%4) ™' A" if 4" A4 is non-singular.
If A4 is non-singular prove that the vector x which minimizes rBr, where B is
positive definite, is x = (4"BA4) ™' A"Bb.



